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Abstract. In this paper, we study the m!”*-commutator and anti-commutator involving
generalized derivations on some suitable subsets of rings. We attain the information
about the structure of rings and the behaviour of the generalized derivation in the form
of multiplication by some specific element of the Utumi quotient ring which satisfies
certain differential identities.

Keywords: prime ring; Generalized derivation, Generalized polynomial identity.

1. Motivation

It was shown by Herstein [10] that if d is a nonzero derivation of R, a prime ring
with a characteristic different from 2 such that [d(x), d(y)] = 0 for all z,y € R, then
R is commutative. Later, Bell and Daif [5] proved that if R is a semiprime ring, 7 is
a nonzero right ideal of R and d is a derivation of R such that [d(z), d(y)] = [z, y] for
all z,y € Z, then T C Z(R). Motivated by the above result, Huang [11] obtained
the commutativity of prime ring R with characteristic different from 2 satisfies
[d(x),dy)]m = [z,y]", for all x,y € Z, a nonzero ideal of R, where 1 < m,n €
Z*. In [2], Ashraf and Rehman studied anti-commutator involving derivation, i.e.,
d(x) o d(y) = x oy and obtained the same conclusion.

On the other hand, Daif and Bell [7] proved that if R is a semiprime ring and
d is a nonzero derivation of R such that d([x,y]) = [z,y] for all z,y € R, then R is
commutative. In this direction, Ashraf and Rehman [2] discussed the commutativity
of prime ring R whenever R satisfies d(zoy) = xoy for all z,y € Z, a nonzero ideal
of R. In recent years, several algebraist studied various generalizations of above
mentioned identities and obtained the structure of rings and behaviour of derivations
and generalized derivations on rings (see [1, 8, 12, 19, 20, 21] and references therein).
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392 M. A. Raza

In this note we shall examine the action of derivations and generalized deriva-
tions having m-th commutator and anti-commutator on prime rings. More pre-
cisely, we study the differential identities which involves both commutator and anti-
commutator on some appropriate subset of rings and obtain the information about
the structure of rings and the behaviour of generalized derivation in the form of
multiplication by some specific element of Utumi quotient ring.

Throughout this note, unless specifically stated, R denotes a prime ring, i.e., for
a,b € R, aRb = (0) implies that either a = 0 or b = 0. A ring R is said to be a
left (right) faithful ring if for « € R, aR = (0) (Ra = (0) resp.) implies a = 0. For
a left faithful ring R, the right Utumi quotient ring of R can be characterized as
the ring U,.(R) (up to isomorphisms fixing R) satisfying the following properties:
(1) R is a subring of U, (R); (2) For each a € U,(R), there exists a dense right
ideal p of R such that ap C R; (3) If a € U.(R) and ap = 0 for some dense right
ideal p of R, then a = 0; (4) For any dense right ideal p of R and for any right
R-module map ¢ : pr — R, there exists a € U,-(R) such that ¢(x) = ax for all
x € p. Analogously, for a right faithful ring R we may define U (R) the left Utumi
quotient ring of R in terms of dense left ideals of R. Let R be a left and right
faithful ring. The two-sided Utumi quotient ring U of R is the subring of U, (R)
defined as follows: U = {x € U,(R)| Az C R for some dense left ideal A of R}. In [6,
Theorem 2], Chuang proved that if R is a prime ring, then each dense right ideal
and U satisfy the same generalized polynomial identities (GPIs) with coefficients in
U. In any case, when R is a prime ring, all we need about U is that (1) R C U;
(2) U is a prime ring; (3) The center of U, denoted by C, is a field which is called
the extended centroid of R. The axiomatic formulations and the properties of this
quotient ring U can be found in [3]. For any x,y € R, the symbol [z,y] and z oy
stands for the commutator xy — yr and anti-commutator xy + yx, respectively. we
set xogy =z, xory =xzoy = ay+ yz, and inductively x o, y = (x o1 y) 0y
for m > 1. Again we set [z,y]lo = z, [x,y]1 = [z,y] = 2y — yz and inductively
[Z,Y]m = [[® Y]m-1,y] for m > 1. An additive mapping d : R — R is called a
derivation on R if d(xy) = d(x)y + xzd(y) holds for all 2,y € R. In particular, d is
an inner derivation induced by an element ¢ € R if d(z) = [¢, ] holds for all z € R.
An additive mapping F': R — R is called generalized derivation of R if there exists
a derivation d of R such that F(zy) = F(z)y + xd(y) for all z,y € R.

2. Main results

We begin our discussion with the following remark as it is very crucial in developing
the proof for our main results.

Remark 2.1. ([4, Lemma 7.1 ]) Let pM be a left vector space over a division ring
D with dimpM > 2 and T € End(M). If x and Tz are D-dependent for every
x € M, then there exists A € D such that Tz = Az for all x € M.

Now we prove our main results.
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Theorem 2.1. Let 1 < m,n € ZT. Neat, let R be a prime ring of characteristic
different from 2, T be a nonzero ideal of R and F' be a nonzero generalized derivation
associated with a derivation d of R. If F([x,y]m) = d(x) o, d(y) for all x,y € T,
then either R is commutative or d = 0 and there exist a € U such that F(x) = ax
for all x € R.

Proof. By [16, Theorem 3], there exists an element a € U and a derivation d on
U such that F(z) = ax + d(z) for all x € R. In view of our hypothesis, we have
a([z, y]m) + d([z, y]m) = d(z) op, d(y) which is rewritten as

ool + ST X v | o

=1 itj=k—1
- k(T ke )k

£ (o
m—1 m

+ Z(—l)k(k)ykm< > de<y>y8>=d<m>ond<y>
k=0 r+s=m—k—1

for all z,y € Z. In the light of Kharchenko’s theory [14], we split our proof into
two cases. Firstly, we assume that d is an U-inner derivation induced by an element
qg € U, ie., d(x) = [¢,z] for all x € R, then we have a(x oy, y) + [¢, T om y] =
[lg,x], g, y]]n for all z,y € Z. By Chuang [6, Theorem 1], the last identity is also
satisfied by U. If ¢ € C, then a(x op, y) + [q,2 om Y] = [[q, 7], [¢, y]]n reduces to
a(xomy) =0 for all z,y € U. This a polynomial identity and by Lanski[15, Lemma
2], there exists a field F such that & C M (F), the ring of k x k matrices over a field
F, where k > 1. Moreover, U and My(F) satisfy the same polynomial identity[15,
Lemma 1], i.e., a(x o, y) = 0 for all z,y € Mg(F). Now, we assuming x = e
and y = eg, we have 0 = aejs which implies that a;; = ag; = 0. Similarly,
assuming * = eg; and y = e;; we can prove that ass = a2 = 0, ie., a = 0.
Thus in all, a(z on, y) + [¢, 2 om y] = [[¢, 2], [¢,y]]n i a non-trivial generalized
polynomial identity (GPI) as ¢ ¢ C. If the center C of U is infinite, then we have
a(z omy) + (¢, 7 om y] = ([, 2], [¢,9]]n for all 2,y € U @¢ C, where C is algebraic
closure of C. Since both U and U ®c C are prime and centrally closed [9, Theorem
2.5 and Theorem 3.5], we may replace R by U or U ®¢ C according as C is finite
or infinite. Thus, we may assume that R is centrally closed over C (i.e., RC =R)
which is either finite or algebraically closed and a(xo0,,y)+[q, zomy] = [lg, 2], [¢, ¥]]n
for all z,y € R. By Martindale [17, Theorem 3], RC (and so R) is a primitive ring
having nonzero socle H with C as the associated division ring. Hence, by Jacobson’s
theorem [13, p.75], R is isomorphic to a dense ring of linear transformations of
some vector space V over C and H consists of finite rank linear transformations
in R. If V is finite dimensional over C, then the density of R on V implies that
R = M,,(C), where m = dimeV.

Suppose that dim¢) > 3 such that v and guv are linearly C-independent for all
v € V. By density of R, there exists u € V such that v,quv and w are linearly
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C-independent and x,y € R such that

zv=0, xqu=—u, Tzu=v, xqu=0~0
yo=0, yqu=-v, yu=0, yqu=—u.

Applying density theorem, we see that

0= (a([m, y]m) + [q,x] Om [qu} - [(L [.’L’, y]n])'U = 2Muy,

a contradiction, as char(R) # 2. Hence, we conclude that {v,qu} is linearly C-
dependent for all v € V. Thus, by Remark 2.1, there exists A € C such that qv = v
for any v € V.

For r € R,v € V, we can write, qu = v, r(qu) = r(vA), and also ¢(rv) = (rv)A.
Thus 0 = [g,r]v for any v € V, i.e., [q,r]V = 0. Since V is a left faithful irreducible
R-module, we have [¢,7] = 0 for all r € R, i.e., ¢ € Z(R) which gives d = 0 and
hence F(z) = az for all z € R.

Now suppose that dim¢V < 2. In this case R is a simple GPI-ring with 1 and
so it is a central simple algebra finite dimensional over its center. By Lanski[l5,
Lemma 2], it follows that there exists a suitable field F such that R C M,,(F)
the ring of m x m matrices over F and moreover, M, (F) satisfy the same GPI as
R. Assume m > 3, then by the same argument as above we get the conclusion.
Obviously if m = 1, then R is commutative. Thus we may assume that m = 2,
ie., R C Ms(F), where My(F) satisfies a([z,y]m) + [¢, 7] om [0, Y] — [@, [z, ¥]n] =
0. Denote by e;; the usual unit matrix with 1 at (4, j)-entry and zero elsewhere.
By putting = y = e12 and ¢ = ) ¢;je;; in the above identity and then right

i,j

multiplying by ej2, one can easily get (ej2q)™ le;s = 0. It follows easily that
0 0

all, we see that ¢ is a diagonal matrix in My(F). Let ¢ € Aut(Ms(F)). Since
P(a)([(x), v (y)]m) + [¥(q), ¥ ()] om [¥(q), Y(y)] — [¥(a), [¥(2), ¥(y)]n] = 0, ¥(q)
must be a diagonal matrix in M(F). In particular, let ¢¥(z) = (1 — e;;)x(1 + e;5)
for i # j. Then ¢(q) = q¢+ (¢is — gj;)€ij, i-€., s = q;; for i # j. This implies that ¢
is central in Ms(F), which leads to d = 0. Now lastly, we assume that d is U-outer
derivation, then Z satisfies the polynomial identity

o)+ S (P) (T v e S ()t

i+j=k—1

k r+s=m—k—1

m—+1
( 0 a2 ) = 0 implies that ¢2; = 0. Similarly we can get g1o = 0. Thus in

for all z,y,z,w € Z. In particular, if we take x = z = 0, then Z satisfies the

polynomial identity
> (-1 (Z)y’“wym_’“ =0
k=0
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for all y,w € Z. That is, [w,y]n = 0 for all w,y € Z, which can be written as
[Zw(Y), Ylm—1 = 0 for all w,y € Z, where Z,,(y) is an inner derivation determined by
w. By Lanski [15, Theorem 1], either R is commutative or Z,, = 0 i.e., T C Z(R)
in which case R is also commutative by Mayne [18, Lemma 3]. [

Theorem 2.2. Let 1 < m,n € Z*. Next, let R be a prime ring of characteristic
different from 2, T be a nonzero ideal of R and F be a nonzero generalized derivation
associated with a derivation d of R. If F(x o, y) = [d(x),d(y)]n for all z,y € T,
then either R is commutative or d = 0 and there exists a € U such that F(x) = ax
for allx € R.

Proof. By the given hypothesis and [16, Theorem 3], we have a(zo,,y) +d(xo,y) =
[d(zx),d(y)], which is rewritten as

a(@omy) + :1 (Z) > Yy’ mym"%i(?)y’“d(ax)ym"“

i+j=k—1 k=0

+ 2(?)1/’“93( > yrd(y)ys>=[d(m)vd(y)]n

k=0 r+s=m—k—1

for all z,y € Z. In view of Kharchenko’s theory [14], we divide the proof into two
cases:

Case 1. If d is U-outer, then 7 satisfies the polynomial identity

a(xomy) + Z (ZL) Z yizyl | zy™ k4 I;) <TIZ> yrwy™k

k=1 iti=k—1
m—1 m

F S (e X )
k=0 r+s=m—k—1

for all xz,y,z,w € Z. In particular if we take * = z = 0, then 7 satisfies the

polynomial identity
(N
=0
> ()t

k=0
for all y,w € Z. That is wo,,y = 0 for all w, y € Z. Using the same argument as used
in Theorem 2.1 and by choosing w = e13, y = e11, we see that wo,, y =ej2 #0, a
contradiction.

Case 2. If d is U-inner derivation induced by an element ¢ € U, i.e., d(x) = [g, 2]
for all z € R, then we have a(x o, y) + [¢, 2 om Y] = [[g, 2], [¢, Y]] for all z,y € T.
By Chuang [6, Theorem 1], Z and U satisfy same generalized polynomial identities
(GPIs), ie., a(z om y) + [¢,x om y] = [[q, 2], [¢,y]]n for all x,y € U. Using the
similar techniques with necessary variations as used in the proof of Theorem 2.1,
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we see that if V is finite dimensional over C, then the density of R on V implies that
R = M,,(C), where m = dimeV.

Suppose that dim¢V > 2. Now, we want to show that v and gv are linearly
C-dependent for all v € V. If gv = 0, then {v, qu} is linearly C-dependent. Suppose
on the contrary that v and quv are linearly C-independent for some v € V.

If ¢?v ¢ Spanc{v, qu}, then the set {v,qu,¢*v} is linearly C-independent. Since v
and qu are linearly C-independent, by the density of R, there exist x,y € R such

that
v =v, zqu=>_0, xq?v = 0;
yv =0, yqu= —v, yq2v =0.

When m = n = 1, then we see that
0= (a(x om y) + [ = om y] — [lg, 2], [¢, y]ln)v = 2qv — 0.
Moreover, when m,n > 1, we have
0= (a(x om y) + ¢, om y] = [lg, 7], [¢, y]ln)v = 2" qu.
In both the cases we get a contradiction as characteristic of R is different from 2.

If ¢?v € Spanc{v,qv}, then ¢?>v = v3 + quy for some 3,7 € C. By the density
of R, there exist z,y € R such that

zv=v, xqv=_0;
yv =0, yqu= —v.

For this, first we take m = n = 1, we see that
0= (a(xomy) + (g @ om y] = [lg, 2], [¢,ylln)v = 2qv — vy — 0.
Now, when m,n > 1, we have
0= (a(zomy) + [, om y] — [lg,2], [g, ylln)v = 2" qu — 2" Lon.

Using an argument similar to that mentioned above, we get a contradiction in both
cases. So, we conclude that {v,quv} is linearly C-dependent for all v € V. Thus, by
Remark 2.1, there exists A € C such that qu = v for any v € V.

For r € R,v € V, we can write, qu = v, r(qu) = r(vA), and also ¢(rv) = (rv)A.
Thus 0 = [¢, r]v for any v € V, i.e., [¢,7]V = 0. Since V is a left faithful irreducible
R-module, we have [¢,r] =0 for all r € R, i.e., ¢ € Z(R) and hence d = 0. This
completes the proof. [

In view of Theorem 2.1 and Theorem 2.2, we can write the following corollaries
(proofs are omitted for sake of brevity)
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Corollary 2.1. Let 1 <m € ZT. Neat, let R be a prime ring of a characteristic
different from 2, T be a nonzero ideal of R and d be a derivation of R. If d(x) o,

d(y

) =0 for all x,y € I, then either R is commutative or d = 0.

Corollary 2.2. Let 1 < m € Z. Next, let R be a prime ring of a characteristic
different from 2, T be a nonzero ideal of R and d be a derivation of R. If [d(x) o
d(y)]m =0 for all x,y € T, then either R is commutative or d = 0.
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Abstract. In this paper, we establish sharp maximal function inequalities for the
Toeplitz-type operator associated with the singular integral operator with a variable
Calderén-Zygmund kernel. As an application, we obtain the boundedness of the oper-
ator on Lebesgue, Morrey and Triebel-Lizorkin spaces.

Keywords: function inequalities; Toeplitz-type operator; singular integral operator.

1. Introduction and Preliminaries

As the development of singular integral operators(see [6, 21]), their commutators
have been well studied. In [3, 19, 20], the authors prove that the commutators gen-
erated by singular integral operators and BMO functions are bounded on LP(R™)
for 1 < p < co. Chanillo (see [2]) proves a similar result when singular integral op-
erators are replaced by fractional integral operators. In [7, 16], the boundedness for
the commutators generated by singular integral operators and Lipschitz functions
on Triebel-Lizorkin and LP(R™)(1 < p < co) spaces are obtained. In [1], Calderén
and Zygmund introduce some singular integral operators with a variable kernel and
discuss their boundedness. In [11, 12, 13, 22|, the authors obtain the boundedness
for the commutators generated by singular integral operators with a variable kernel
and BMO functions. In [14], the authors prove the boundedness for the multilinear
oscillatory singular integral operators generated by operators and BM O functions.
In [8, 9], some Toeplitz-type operators associated with singular integral operators
and strongly singular integral operators are introduced, and the boundedness for the
operators generated by BM O and Lipschitz functions are obtained. In this paper,
we will study the Toeplitz-type operator generated by the singular integral operator
with a variable Calderén-Zygmund kernel and Lipschitz and BM O functions.
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First, let us introduce some notations. Throughout this paper, @ will denote a
cube of R™ with sides parallel to the axes. For any locally integrable function f,
the sharp maximal function of f is defined by

#
M) (@) = s oo / F) — foldy,

where, and in what follows, fo = |Q|! fQ x)dz. It is well-known that (see [6, 21])
M*(f)(x zsuplnf—/ f(y) — c|dy.
(1)) s int 2 [ 1)

We say that f belongs to BMO(R™) if M#(f) belongs to L>°(R"™) and define
|| fllBaro = ||M#(f)||L. It has been known that (see [21])

I|f = forgllBmo < CE|| fl|Bmo-
Let
M(f)a) = s |Q‘/|f )ldy.

For 1 > 0, let M, (f)(x) = M(\fl”)l/"(m)-
ForO<n<mnand1l<r< oo, set

1 1/r
My (o) = w0 (e [ lay)

The A, weight is defined by (see [6])

Ap={weL%oc<R"> w (1o [ e ) (& / w<x>—1/<p-1>dm>p_l<oo},

1 < p<oo.and

Ay ={we L? (R"): M(w)(z) < Cw(z),a.e.}.

loc

For 8> 0andp > 1, let Ff >°(R™) be a homogeneous Triebel-Lizorkin space(see
[16]).
For 8 > 0, the Lipschitz space Lipg(R") is the space of functions f such that

[f(z) = fy)l
f 1 Lips zzggn @ —yP 00
THEyY

Definition 1. Let ¢ be a positive, increasing function on R* and there exists
a constant D > 0 such that

©(2t) < Dy(t) for t>0.
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Let f be a locally integrable function on R™. Set, for 1 < p < o0,

1 1/p
fllzre = sup — / Fy)Pdy ;
1411z zern, d>0 \ ©(d) Q(m)‘ )l

where Q(z,d) = {y € R" : |z —y| < d}. The generalized Morrey space is defined by
LP#(R") = {f € Lipo(R") = || f|lre < 00}

If p(d) = d°, § > 0, then LP*(R™) = LP%(R™), which is the classical Morrey
spaces (see [17, 18]). If ¢(d) = 1, then LP*?(R™) = LP(R™), which is the Lebesgue
spaces.

As the Morrey space may be considered as an extension of the Lebesgue space,
it is natural and important to study the boundedness of the operator on the Morrey
spaces (see [4, 5, 10, 15]).

In this paper, we will study some singular integral operators as follows(see [1]).

Definition 2. Let K(z) = Q(z)/|z|™ : R™\ {0} - R. K is said to be a
Calderon-Zygmund kernel if
(a) 2 € C=(R"\ {0});

( ) Qis homogeneous of degree zero;

¢) [x Qz)z*do(z) = 0 for all multi-indices v € (N U {0})" with |a| = N, where
E {z € R" : |z| = 1} is the unit sphere of R™.

Definition 3. Let K(z,y) = Q(x,y)/|y[* : R™ x (R"\{0}) — R. K is said to
be a variable Calderén-Zygmund kernel if
(d) K(x,-) is a Calder6n-Zygmund kernel for a.e. x € R";

Mz,

e
(¢) maz)yj<an ‘ ’L‘”(R"XE)

Moreover, let b be a locally integrable function on R™ and T be a singular integral
operator with a variable Calderén-Zygmund kernel as

T(f)(x) = ; K(z,z —y)f(y)dy,
where K (z,z—y) = Ql(fjijf ) and that Q(z,y)/|y|" is a variable Calderén-Zygmund

kernel. The Toeplitz-type operator associated with T is defined by

Ty =Y (TH M I T"? + TF3 I, M TH?),
k=1

where T%1 is the singular integral operator with a variable Calderén-Zygmund
kernel T or &I (the identity operator), T%2 and T%* are linear operators, T%3 = +1,
k=1,..,m, Mp(f) =bf and I, is the fractional integral operator(0 < a < n)(see
[2]).

Note that the commutator [b, T|(f) = bT(f) — T(bf) is a particular operator
of the Toeplitz-type operator Tp. The Toeplitz-type operator 13 are non-trivial
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generalizations of the commutator. It is well known that commutators are of great
interest in harmonic analysis and have been widely studied by many authors (see
[19, 20]). The main purpose of this paper is to prove sharp maximal inequalities for
the Toeplitz-type operator Tj. As the application, we obtain the LP-norm inequality,
Morrey and Triebel-Lizorkin spaces boundedness for the Toeplitz-type operator 1.

2. Theorems and Lemmas

We shall prove the following theorems.

Theorem 1. Let T be a singular integral operator as Definition 3,0 < § < 1,
1< s<ooandbe Lipg(R™). If T1(g) =0 for any g € L*(R™)(1 < u < 00), then
there exists a constant C' > 0 such that, for any f € C§°(R") and & € R",

M#(Ty(£))(&) < CllbllLips Y (Mp o(IT*(F))(F) + Mpia,s(TH(£))(F)).

k=1

Theorem 2. Let T be a singular integral operator as Definition 3,0 < § < 1,
1< s<ooandbe Lipg(R™). If T1(g) =0 for any g € L*(R™)(1 < u < 00), then
there exists a constant C' > 0 such that, for any f € C§°(R") and & € R",

Q>z ceR™

1 < _
s int o [ ) —eld < bl DOL1TH(7)(@
b Mo (TH(F)(@).

Theorem 3. Let T" be a singular integral operator as Definition 3, 1 < s < 00
and b€ BMO(R"™). If T1(g) = 0 for any g € L"(R")(1 < u < 00), then there exists
a constant C' > 0 such that, for any f € C§°(R™) and & € R",

M*(Ty(f))(@) < Cllbl|Baro Z ITH?(f))(@) + Mas(TH4(£))(@)).-

k=1

Theorem 4. Let T be a singular integral operator as Definition 3,0 < § < 1,
l<p<n/(a+pB),1/¢g=1/p— (a+ B)/n and b € Lipg(R"™). If T1(g) = 0 for any
g € L*(R™)(1 < u < o0) and T%2 and T™* are bounded operators on LP(R") for
1<p<oo, k=1,..,m, then T} is bounded from LP(R™) to LI(R").

Theorem 5. Let T be a singular integral operator as Definition 3,0 < 8 < 1,
l<p<n/(a+P),1/g=1/p—(a+B)/n, 0 <D < 2" and b € Lipg(R"). If
Ti(g) = 0 for any g € L*(R™)(1 < u < 00) and T%2 and T%* are bounded operators
on LP#(R™) for 1 < p < oo, k = 1,...,m, then T} is bounded from LP¥(R") to
Lo#(R").

Theorem 6. Let T be a singular integral operator as Definition 3, 0 < § <
1,1 <p<nfa, 1/¢g = 1/p—a/n and b € Lipg(R™). If Ti(g) = 0 for any
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g € L*(R")(1 < u < o0) and T*? and T** are bounded operators on LP(R") for
1 <p<oo, k=1,..,m, then T} is bounded from LP(R") to F>*(R™).

Theorem 7. Let T be a singular integral operator as Definition 3, 1 < p <
n/a, 1/g=1/p—a/n and b € BMO(R"™). If T1(g) = 0 for any g € L*(R™)(1 <
u < oo) and T%2 and T** are bounded operators on LP(R") for 1 < p < oo,
k=1,...,m, then T} is bounded from LP(R™) to L1(R").

Theorem 8. Let T be a singular integral operator as Definition 3, 0 < D <
2" 1 <p<n/a, 1/g=1/p—a/n and b € BMO(R™). If Ti(g) = 0 for any
g € L*(R™)(1 < u < oo) and T*2 and T** are bounded operators on LP#(R") for
1<p<oo, k=1,..,m, then T} is bounded from LP¥(R™) to LT¥(R™).

To prove the theorems, we need the following lemmas.

Lemma 1.(see [1]) Let T be a singular integral operator as Definition 3. Then
T is bounded on LP(R™) for 1 < p < oc.

Lemma 2.(see [16]). For 0 < f <1 and 1 < p < oo, we have

Q

1
(. sup L / ) — foldy
Fy Qo2 |QIFA/™ Jo <

Lr

)

1
supinf —L / F() — cldy
Q>3x © |Q‘1+5/n Q Lr

where the sup is taken all cubes @ containing x € R™.

Lemma 3.(see [6]). Let 0 < p < 0o and w € Ui<,<cod,. Then, for any smooth
function f for which the left-hand side is finite,

M(f)@Pw(@)de < C | M#(f) (@) w(e)de.
R™ R™

Lemma 4.(see [2, 6]). Suppose that 0 < o <n,1 < s <p<n/aand 1/q =
1/p — a/n. Then
[Ha (L < ClIflLe

and
[[Ma,s(f)lla < C||f]|Le-

Lemma 5. Let 1 < p < o0, 0 < D < 2". Then, for any smooth function f for
which the left-hand side is finite,

M ()| oo < CIM*(f)|| Lo

Proof. For any cube Q = Q(zo,d) in R™, we know M (xq) € A; for any cube
@ by [6]. Noticing that M(xq) <1 and M(xg)(z) < d"/(Jx — zo| — d)™ if z € Q°,
by Lemma 3, we have, for f € LP¥(R"™),
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/ M(P)@pds = [ M@ xo(dr
< - M(f)(x)"M(xq)(x)dz < C - M#(f)(2)P M (xq)(x)dx
# P o # )P |Q‘ -
S (/M d +kX:O/2k+1Q\2kQM (f)( ) 2k+1Qd>
< CHM# LP<PZQ kn 2k+1d
< ClIMF(AIE. Y (27" D) p(d)
k=0
< OlMP (N} peep(d),
thus 1/p /e
( /M de> ( /M# de>
and

IM()llzee < ClIM*(f)]|Loe.
This finishes the proof.

Lemma 6. Let 0 <a<n,0<D<2" 1<s<p<n/aand1l/g=1/p—a/n.
Then

[[La(F)llLae < C||fl|Lre
and
[[Ma,s(f)llLre < O fllLre.

The proof of the Lemma is similar to that of Lemma 5 by Lemma 4, we omit
the details.

3. Proofs of Theorems

Proof of Theorem 1. It suffices to prove for f € C§°(R™) and some constant
Cy, the following inequality holds:
9] / ITy(£)(@) = Coldz < CllbllLips D (Mp,s(IaT*?(f))(E)+Mpa,s(T**(f))()).

k=1

Without loss of generality, we may assume T%! are T'(k = 1,...,m). Fix a cube
Q = Q(zo,d) and € Q. We write, by T1(g) =0

i TRIML I TR (f) () + i T3 I MT (f) ()

k=1 k=1
= Ay(x) + Byp(z) = Ap_p, () + Bp—p, (2),

Tp(f)(=)



Boundedness for TTO Associated with SIO with Variable C-Z Kernel 405

where
Apbg (@) = D T My b )yao la T (H)@) + D TP Mip—tg ) a0 TaTH2(f) ()
k=1 k=1
= A1($)+A2(.’L')
and
By _po(z) = ZTk’?’IaM(b—bQ)szTkA(f)(ﬂ?)+ZTk’?’IaM(b—bQ)X(w)aTkA(f)(ﬂ?)
k=1 k=1
Then
Ab b AQ l‘o dl‘ S /‘Al ‘dl‘-F /‘AQ A2 1‘0)|d.’L’
i, Hv-sel ) ] 18]
= L+
By_yp — Ba(zp)|dz < /Bl dr + — /Bz Bg To)|dx
\Q|/’ o ) @l Jo PO 11 ! )

= Is+ 1.
For I, by Holder’s inequality and Lemma 1, we obtain
1
B o T Mot T )

1 . 1/s
< (@ |0 Mgy T ()0 dm)

N

1/s
CO ([ 1M-tapaa T )

N

1/s
ol ( / KUCE bQuaTkv?(f)(asnrdx)

N

— S n S— n 1 S 1/S
CIQI* 1Bl ips 1201772 />~ (7 /2QIaTk’2(f)($)| das)

2Q =
Clbllzip Ms (I TH*(H)(E).

IN

thus

1
L < Z@ . [T Myt a0 L TH2(f) (2)|dz
k=1

IN

ClIbl|zips Y Mps(LT™?(f))(&).

k=1
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For I, by [1][14], we know that

o0 Ju Y _
=3 > [ T;—y\n £(y)dy,

u=1v=1
where g, < Cu™?, [|auy |1 < Cu™", [Yoo (2 — y)] < Cu™?7" and

Yiw(z —y Yio(xo — ¥y
u;(—yln)_ T;(S—yn) < Cula — wol /|0 — y["*!

for |x — y| > 2|xg — x| > 0, we get, for x € Q,

|Tk’1M(b—bQ)X(2Q>CIaTkQ(f)(x) - TkJM(b—bQ)X(zQ)CIaTkQ(f)(xO”

< /( 10 = il (e =)~ K w20 1T )y
2 c
- >/ ) bl LI TR (1) )l
j=1 27 d<|y—zo|<2it1d
< OY Wl QP [ TR0 Hady
j=1 27d<|y—xo|<2ittd
< CHbHLz u—2n.un/2 ‘2j+1Q"B/n/ H3dy
< C|bl|Li 27 [ ——— 1,72 d
< Clpbllc pa; (|2g+1Q|1—5/n /2j+1Q (N y)
< Cl|blips Mp s (I T (f ZQ_J
< C\lb\|Lz‘p,sMﬁ,s(IaTk’2(f))($)7
where
Oz, z — Q . .
= |t Bt ) gy e )
|z —y|n |zo — y|? |zg — y|nt
o0 Gu
ZZW ‘ v(@—y)  Yuu(zo—y)
= -y |lwo —yl™ |’
thus

1 m
12 S _/ |H4‘dl‘
@l Jo

< ClbllLips Y Mas(ITH2(£))(&).
k=1
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where

Hy = Tkle(b—bQ)X(zmcIaTkQ(f)(x) - TkJM(b—bQ)X(zQ)CIaTkVQ(f)(xO)'

Similarly, by Lemma 4, for 1/r =1/s — a/n,

m 1/r
JERS Z(|Q /n\f M(b bQ)XQQTkA(f)(m)Tdm)

m 1/s
< oyl ( / (Ib(a )—bQ|T’f’4<f><x>|>de)
k=1
< Ollblleip, Y 1QI7Y12Q1/ 2@ <= B+ m
k=1
< CllbllLipy Y Mpra(TH(£))(#),
k=1
where
1 o 1/s
Hs = (W /2Q T%(f) ()] dx) .
nos s b S e
1 |Q\ Q J(2Q)¢° 33—1/\ \xo—y\
< C bl|L; 2]+1Q 5/”/ T |Tk4 Hy)|dy
;;H HL Pﬁ| ‘ deg\y—x0|<21'+1d ‘mo_y|n_a+1‘ ( )( )|
< CHbHLimZZ(de)ﬁd(de)—n+a—l(de)n(l—l/s)(de)n/s—ﬁ—a
k=1 j=1
1 Tk,4 Sd e
* rrgp=sEram QMQ\ (N dy
< Clbllzipy Y Mpyas(TH(F) (@)Y 277
k=1 j=1
< ClbllLipy Y Mpsas(TH(£))(E).
k=1

These complete the proof of Theorem 1.

Proof of Theorem 2. It suffices to prove for f € C§°(R™) and some constant
Cy, the following inequality holds:

m

Q|1+ﬂ/n/|Tb —Colda < O[[bl|Lip, Y (Ms(LaT"(£))(@)+Ma,s(T5(£)(&)).

k=1
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Without loss of generality, we may assume T%! are T'(k = 1,...,m). Fix a cube
Q = Q(z0,d) and & € Q. Similar to the proof of Theorem 1, we have

G [, @) — Aateo) = Bateo)ldo

1 1
< W/th(x)dm‘*‘m/@A2($)—A2($o)dm

1 1
W/QBl(m)dx+W/QBg(x)—Bg(xo)dx

Is+ Ig + I7 + Ig.

+

By using the same argument as in the proof of Theorem 1, we get, for 1/r =
1/s—a/n,

i m 1 . 1/s
L o< |Q Z(@ | M LT (1) o) dm>
k:l R’Vl,
m 1/s
< cl SR ([ (be) - bellra T (1) @)
k=1 2Q
m 1 1/s
< IR QI bl QG (1 [T @) e
k=1 2Q
< Clbllnipy 3 Mu(TTH2(1)) (@),
k=1
m 1 oo
I < |Qem —/ / 1b(y) — bag|
° ;\@ Qj; 23 d<|y—wo|<2i+1d 29
<|K (. — y) — K(x0, 70 — )| T(f)(w) dydz
m C o0 } o Ju
< QS o [ S b2 | 00 (2)
; ‘Q| Q; Ly 2jd§\y—xo\<2j+1d;;
Yuv r — Yuv To —
o) Belto Z D 1, k) )y
lz —y| |20 — Y
<

imnm 1
CHbHLiPﬁ‘Q| b1 Z@
k=1

Jd<|y—mo|<2i+1d |[To —

e . xr — X
8 / > [t / |753‘“|1TQT’*“>2<Jf><z/>\dydas
Qj=1 2 yl
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) 1 1/s
< B J 29 )" [ ——— k,2 s
> CHbHL'LPBd ;;2d 2]d n+1( d) (|2;+1Q| 2j+1Q|IaT (f)(y)| dy)
< CHbHLipa ZMS(IaTkQ(f))(j)Z2j(5_1)
k=1 j=1
< ClbllLips Y MIaTH(£))(F), "
L < eI W”Z ol IQM@_Z,Q)XMT'“‘*(f)(x)|sz)
m 1/s
< @Y (v = el ) s
k=1 \/2Q
< Cllbllsips Y 1QITH/m=1 T 2Q)P m Q| s/
k=1
1 s 1/s
x| —— [ IT*(f)(x de>
(g [ e
< OHbHLipB ZMaS TkA(f))(i")a
o< QI Z// ) — bagl
2Q
L TR )l dyda
\m—y\" @ ag —y|n—e
< ClRITY™S TN T HIbllLips 12777 QI
k=1 j=1
y / L rhas)(y)dy
29 d<|y—wo|<2i+1d [To — y|" Ot
< CHbHLipﬁZZd_ﬂ(2jd)5d(2jd)_n+a_l(2jd)n(1_1/s)(2jd)n/s_a
k=1 j=1
1 s 1/s
_ T*: s
x <|2]+1Q|1—sa/n /2H1Q| (W)l dy>
<

Cllbl|Lips > Mo o(TH4(f))(@) D 27071
j=1

k=1

< CllbllLipy Y Ma s(TH(£))(&).
k=1

These complete the proof of Theorem 2.
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Proof of Theorem 3. It suffices to prove for f € C§°(R™) and some constant
Cy, the following inequality holds:

\Q|/ Ty (f)(x) = Coldz < C\IbHBMoZ M (I T (f))(@) + Mo s(T*4(f))(@)).

Without loss of generality, we may assume T%! are T(k = 1,...,m). Fix a cube
Q = Q(z0,d) and & € Q. Similar to the proof of Theorem 1, we have

|Q‘/ ITy(f)(x) — As(a0) — Ba(xo)| dz < |Q‘/|A1 2)|dz

A2 A2 .’L‘O dr + — / B1 d.’L’ + — / B2 — By (xp)|dx
Tl / | et 1] J, 1Bt g ) @)l
= Iy + Lo + I11 + I1o.

By using the same argument as in the proof of Theorem 1, we get, for 1 < r; <'s,
1 < p < min(s,n/a) with 1/ry =1/p — a/n,

m 1/r1
1 ,
I < (Q| [ M e LTH()(@) 1dm)
-1 R™

k

oy Qi ( / (1b(2) — balll. T’“v2<f><m>>“dm>lm

k=1

m 1/s 1 (s—r1)/sm
k,2 - _ sr1/(s—r1)
CZ(@/ i) (g [, bt el 0 ae)

=1

N

N

< Clbllano 3. MLT=(1)@)
k=1
m 1 o0
ho< 3 [ [ ) = bl KGa =) = Koo = )17 w)ldyda
k=1 Q ‘: 2Jd<\y €U0|<2]+1d
m C oo o0 Gu
< S b(w) ~ b0l Y- Y laun()
,; Q| /Q;/zjdgy—m@jﬂd 9 ;UZ‘:

Yuv (.27 - y) _ Yuv(fEO

[z =y |0 — y|"

\u TH2(f) () dyde
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m oo / / |z — x| k.2
Q] b(y) — = LT" dydx
,; |Q‘ Z 27 d<|y— x0|<21+1d‘ (y) 262‘| ‘n—&-l‘ (f)(y)| Y

m oo d , 1/s’
Z (2jd)n+1 (/27+1Q b(y) — ba| dy)

k=1 j=1

1/s
x ( / IaT’“’Q(f)(y)sdy> da
2i+1Q

1/s
Clbl|Bmo Z ZJ (|2;+1Q| o |IaTk’2(f)(y)|de>

k=1 j=1

C||bl|Bmo Z M (I,TH2(£))(&) ng—j

k=1

CHbHBMOZM (IT*2(f))(&),

k=1

1/ro
Z (|Q / I“M(b—bQ)XzQTkA(f)(l?)T2dm>

m

1/p
QY ( / Q(\b(m) - bQ|T’“v4<f><m>|>pdx)

k=1

(-p)mp s
— ps/(s p) - k.4 s
CZ<|Q/ bl dm) <|Q1_m/n /2Q T4 (f) (@) dm)

Cllbl|Bao Z Mo, o(T*4(f))(@),

|@\12//

CZ /2 o fb(y) - b2Q\m|Tk’4(f)(y)\dy

k=1 =1 Jd<|y—zo|<2it1d

1 1

—ylrme g —yne

T84 () () | dydzx

, , : 1 Lo\
93 gy~ nta—1(97 n(l1—1/s) 97 n/s—a ‘ _ s
CZZd< d) (27d) (27d) BTG Jyyur, 1P~ el
k=1j=1
1 1/s
o ——— TRA(f)(y de>
(|2j+1Q|1—sa/n /2]+1Q| ( )( )‘

oo

OHbHBMOZMas (TH4()@) Y27 < C\IbHBMoZMas (TH(F)(@).

k=1 j=1 k=1
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This completes the proof of Theorem 3.

Proof of Theorem 4. Choose 1 < s < pin Theorem 1 and set 1/r = 1/p—a/n.
We have, by Lemmas 3 and 4,

1Ty ()llze < IM(To(f))llze < CUM*(To(f))l| 2

< OlBllzips Y _(I1Mps (LT (f)) s + [ Mpras(TH ()l 24)

k=1

< OlBllzips YT ()l + 1T ()20
k=1

< OlBllzips T (e + 1 flle) < ClUBlzipa1f 1 o
k=1

This completes the proof of Theorem 4.

Proof of Theorem 5. Choose 1 < s < pin Theorem 1 and set 1/r =1/p—a/n.
We have, by Lemmas 5 and 6,

ITo(H)lae < IM(To(f))llzoe < CIMF(To(f))l| 20

< COlbllzipy S (IMp s (IaTH2 ()| o + 1 Mpsras (T4 200)
k=1

< Clbllnips D _(HaT*2(F) | e + 1T5AF)]| o)
k=1

< ClbllLips D UTH2(F)llose + 1 flLre) < ClUBl Lipy | Il e
k=1

This completes the proof of Theorem 5.

Proof of Theorem 6. Choose 1 < s < p in Theorem 2. We have, by Lemmas
2, 3 and 4,

T (Pl g < C

1
sup W/Q Ty (f)(y) — Coldy

Q3 La
< Clbllnips Y _(IM(IT*2(F) Lo + | Ma,o(TH* ()| a)
k=1
< Cllbllzipy Y _(HaT™ (Lo + 1754 (£)l )
k=1
< Cllbllzipy Y _UTH2(H)llze + 11 £llLe) < ClIbl|Lips |1 £1]Lo-
k=1

This completes the proof of the theorem.
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Proof of Theorem 7. Choose 1 < s < p in Theorem 3, we have, by Lemmas
3 and 4,

ITo(F)lze < IM(To(f))llze < CIMF(To(f)) ]2

Clbllsao Y (IMs(LaTH? (Pl + | Mas(TH ()]l 20)

<
k=1

< Clbllsmo Y (IHaT*?(f)llna + IT5*(£)Lr)
k=1

< Clbllsao Y (IT*2(H)lle + I fllze) < ClIblIBacol| £ ce-
k=1

This completes the proof of Theorem 7.

Proof of Theorem 8. Choose 1 < s < p in Theorem 3, we have, by Lemmas
5 and 6,

1T (NllLae < UM(To(f))llzae < CUMP(To(f))lLar

Clbllsao Y (IMs(LaTH?(P)llzae + [1Moa,s(T5(f))l|zore)

<
k=1

< Olbllao Y (HaTH*(H)llpwe + 1T ()]l o)
k=1

< Clbllsao Y UIT**(Hllzre +1f zre) < Clibllzarollf Lo
k=1

This completes the proof of Theorem 8.
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Abstract. In this paper, we introduce the concept of common limit range ((C'LR)—property)

in the framework of quasi-partial metric spaces. By using this concept, some fixed point
theorems involving two pairs of contraction mappings are proved without using the com-
pleteness condition of the whole space. Our results extend some results in literature,
such as Nazir and Abbas [8] and Vetro et al. [11].

Keywords: quasi-partial metric spaces; (C'LR)—property; contraction mappings.

1. Introduction

The connotation of partial metric spaces (PMS for short) was defined by
Matthews in [9]. He amended metric spaces via setting self-distances to be not
always identical to zero. Additionally, he relocated the Banach contraction principle
in the setting of (PMS). Since then, there has been extensive research into fixed point
results related to partial metric spaces (see [2, 3, 4, 7]). By dropping the symmetry
condition, in 2013 Karapinar et al. [6] defined the notation of quasi-partial metric
spaces (QPMS for short) and established some fixed point results in these spaces.

Let us first present some definitions and consequences which we need in the
sequel.

Definition 1.1. [6] The function o : X x X — [0,00) is a quasi-partial metric if
the following conditions are satisfied for all v,w,d € X :

(1) If0 < o(v,7) =o(v,w) =0(w,w) = v=w;

(2) o(v,w) = o(v,7);

(3) o(w,y) = a(y,7);

(4) o(7,0) < o(y,w) +o(w,0) — o(w,w).

The couple (X, o) is known as a (QPMS).

Received October 18, 2018; Accepted February 15, 2019
2010 Mathematics Subject Classification. Primary 47H09; Secondary 47H10,47H20
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For each partial metric p on X, the function d, : X x X — [0, 00) defined by

(1.1) dp(7y,w) = 2p(v,w) — p(7,7) — p(w,w),

is a metric on X. Similarly, if (X, o) is a (QPMS), then the function d, : X x X —
[0, 00) defined by

(1.2) do(y,w) = o(7,w) +o(w,7) —o(7,7) —o(w,w),

is also a metric on X.

Definition 1.2. [6] Let (X,0) be a quasi-partial metric space.
1. A sequence {xy} is called convergent to x € X, written as lim z, = z, if
n—oo

nh_)rrgo o(zp,z) = nh_)rrgo o(z,x,) = nh_)rrgo o(xp, Tpn) = o(z, z);

2. A sequence {x,} is called Cauchy if lim o(z,,zm,) and lm  o(zy,,o,) exist
n,Mm—00 n,Mm—00

and are finite;
3. (X,0) is called complete if every Cauchy sequence {x,} in X is convergent to

some x € X. Further, lim o(zp,xm) = lm o(zm,,z,) =0z, z).
n,1Mm— 00 n,m—00

In 1996, Jungck [5] introduced the concept of weakly compatible mappings (w-
compatible for short).

Definition 1.3. [5] Let X be a nonempty set. Given S, H : X — X. The mappings
H and S are w-compatible if and only if SHp = HSp for p € C(S, H), where
C(S,H) =A{u, fu=gu}.

Definition 1.4. [1] Let S and H be two self-mappings on a metric space (X,d).
The mappings S and H fulfill the (E.A)-property if there exists a sequence {an} in
X such that

lim Ha, = lim Sa, =pu

n—oo n—oo

for pe X.

Note that the (F.A)-property exchanges the completeness condition of the space
with closedness of the range. The connotation of (CLR)-property was defined by
Sintunavarat and Kumam in [10]. Its significance is that one does no longer refer
to the closeness condition of the range of subspaces.

Definition 1.5. [10] Let (X,d) be a metric space and S, H be two self-mappings
on X. These maps satisfy the (CLRg)-property, if there exists a sequence {a,} in
X so that

lim Ha, = lim Sa, = pu,
n— o0 n— o0

where p € S(X).
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Currently, Nazir and Abbas [8] established some fixed point results via the (E.A)-
property in the class of (PMS). However, we see that the circumstance p(¢,t) = 0
in [4, Definition 1.7] is superfluous. In our current work, we shall give the definition
of (CLR)-property (for two pairs of self-mappings) on (QPMS). Additionally, by
using this concept, we employ a different method compared with that in the proof
of [4, Theorem 2.1] in order to prove our main results in the class of (QPMS). Some
illustrated examples are also given.

2. Main results

First, let ¢ : [0,00) — [0, 00) be a function such that
(a) v is nondecreasing and continuous;
(b) ¥(u) =0 p=0.
Denote F (resp. G) the set of functions verifying the conditions (a) and (b) (resp.
(b) and (c¢): 1 is lower-semicontinuous).

Now, we introduce the concept of (CLR)-property first for a single pair and
after for a double pair of self-mappings on a (QPMS).

Definition 2.1. Let (X,0) be a (QPMS). The pair of self-mappings (f,S) on X
satisfies the (CLRg)-property, if there exists {x,} C X such that

nh_}rrgoa(fxn,w):nh_)n;oo(w,f:vn)znlingoa(an,w)znlggoa(w,an)zo(w,w), wesSX.

Example 2.1. Let X = (0,00) and o(z,y) = |z —y| +z for all z,y € X. Clearly,
(X,0) is a (QPMS). Let (f,S) be a pair of self-mappings on X such that fo = 352
and Sz = 2z. Choose {z,} = {21} We have

lim o(fzn,4) = li_>m o4, fr,) = li_>m o(Szp,4) =lim o(4,Sz,)=0(4,4) = 52 =4.

n—oo n—oo

Hence the pair (f,S) satisfies the (CLRg)-property.

Definition 2.2. Let (X,0) be a (QPMS). The pairs of self-mappings (f,S) and
(9,H) on X satisfy the (CLRgsy)-property, if there exist sequences {x,} and {yn}
i X such that

nh_)rrgo o(fxn,w) = nh_)n;o o(w, fry) = nh_)rrgo o(Szy,w) = nh_)rrgo o(w, Sxy)

= lim o(w, gy,) = lim o(gyn,w)
n— oo n— 00

= lim o(Hyn,w) = ILm o(w,Hy,) = o(w,w), we SXNHX.

n— oo

We illustrate Definition 2.2 by the following example.
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Example 2.2. Let X = (0,2) be equipped with the quasi-partial metric o(x,y) =
|x —y| +x for all x,y € X. Let (f,S) and (g, H) be two pairs of self-mappings on
X defined as

[ 1;2€(0,1] _( 1;2€(0,1]
fx_{%;xe(l,Q) gm_{%;me(l,Q)
_ 22 ;2 € (0,1] _ x ;xz e (0,1]

Sm_{m—l;xe(l,Q) Hm_{2—x;m€(1,2).

Consider {x,} = {1 — 1} and {y,} = {222:2*} We have

nh—>Holo o(fan,1) = nh—>Holo o(1, fx,) = nh_)rr;o o(Szy,1) = nh_)rr;o o(1,8z,) =0(1,1) =S1=1.
Moreover,

lim o(gyn,1) = lim o(1,g9y,) = lim o(Hy,,1) = lim o(1,Hy,) =0(1,1) = H1 = 1.
n—00 n—00 n—00

n—oo

Hence the two pairs (f,S) and (g, H) satisfy the (CLRg)-property.
The following lemma is crucial in order to prove our main result (Theorem 2.1).

Lemma 2.1. Let (X,0) be a (QPMS). Suppose that the self-mappings f,g,S, H :
X — X are such that

(i) fX CHX (or gX C SX);

(it) the pair (f,S) satisfies the (CLRg)-property (or (g, H) satisfies the (CLRy)-
property);

(i) HX (or SX) is closed;

(i) {gyn} (or {fyn}) is bounded for every sequence {y,} in X;

(v) there exist B € F and o € G such that

(2.1) Blo(fa,gb)) < B(A(a, b)) — a(A(a, b)),

where A(a,b) = max{c(Sa, Hb),o(fa,Sa),c(Hb, gb),o(fa, Hb),o(Sa,gb)}. Then
the pairs (f,S) and (g, H) satisfy the (CLRs)-property.

Proof. From Condition (ii), if (f, .S) satisfies the (C'L Rg)-property, then there exists
{zn} C X, so that
(2.2)

lim o(fxn,w) = lim o(w, fz,) = lim o(Sz,,w) = lim o(w,Sz,) = o(w,w); we SX.
n—oo

n—oo n— oo n— oo

Since fX C HX, there exists {y,} such that

Due to (2.2) and (2.3), we write li_)m o(Hyn,w) = o(w,w), so from the closedness

condition of HX, we have
weSXNHX.
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Now, we want to prove that gy, — w as n — co. We have

U(fxnvgyn) < O'(fl‘n, Smn) + O'(S.I:n, gyn) - O'(S.I:n, Smn)
< o(fan,w) +o(w, Szy,) — o(w,w) + o(Stp, gyn) — 0(Sxn, Sxp).

By (2.2), ILm o(Sxy, Sty,) = o(w,w). We also get

(2.4) limsup o(fxn, gyn) — limsup o(Sz,, gy,) < 0.

n—oo n—oo

Again, by (2.2), ILm o(fxy, frn) = o(w,w), so similarly,

(2.5) limsup o(Sxy, gyn) — limsup o(fzn, gyn) < 0.

n—roo n—oo

As {gyn} is bounded, limsup o(fx,, gy,) and limsup o(Sz,, gy,) are finite num-
n—oo

n—oo

bers. Using (2.4) and (2.5), there exists 6 > 0 such that one writes

(2.6) limsup o(Sxn, gyn) = limsup o(fx,, gyn) = 0.

n— oo n—oo

So there are subsequences {x,, } and {yn, } such that
(2.7) lim o(Szp,,9yn,) = lim o(fan,, gyn,) = 0.
k—oo k—o00

Clearly, by (2.2),

(28) O'(’LU, ’LU) = kli{r;o O-(f‘rnk ) S‘rnk) = klgrolo U(ank ’ fxnk)

Since o(fxn,, frn,) < o(fxn,,STy,), passing to the limit as k — oo, we obtain
(2.9) o(w,w) < 6.
We have

A(fTnys Yny)
= max{o(Smnk s Hynk)? U(fxnk ) ank)? U(Hynk? gynk)? O-(f‘rnk ) Hynk)v U(ank ) gynk)}
= max{0(Sn,, [Tn, ), 0(fTn,, STn,), 0(fTnys 9Yni), 0 (fTnys fTny), 0 (ST, 9Yny )}

Passing to the limit as k — oo, we get due to (2.9)
(2.10) klggo A(fxn,,, Yn, ) = max{o(w,w), oc(w,w),d, o(w,w),d} = 4.
By using (2.1),
B (Fmes gns)) < B, Yn)) — Ay y))-
Taking the upper limit as k¥ — oo and using (2.8) and (2.10),
B(6) < B(6) — a(d),
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i.e., a(0) = 0, which yields that § = 0. Thus o(w,w) =6 = 0. So, by (2.6), we have

lim o(fzn,gyn) = 0.

n—

Consequently,
im o(9Yn,, 9Yn,) = 0 = o(w, w).
k—o00

We obtained

nh_)rrgo o(w, gyn) = nh_)rrgo o(gyn,w) = nh_)rrgo o(Hyn,w) = nh_)rr;o o(w, Hy,) = o(w, w).

So the pairs (f,S) and (g, H) satisfy the (CLRgy)—property. O

Now, we introduce and prove our main result by using the concept of (CLR)-
property on the class of quasi-partial metric spaces.

Theorem 2.1. Let f,g9,H and S be self-mappings on a (QPMS) (X, o) satisfying
the condition (v) of Lemma 2.1. If the pairs (f,S) and (g, H) satisfy the (CLRs)-
property, then there exists x € X such that fr = gr = Sx = Hx. Furthermore, if

(f,S) and (g, H) are w-compatible, then such x is the unique common fixed point
of f, g, H and S.

Proof. As (f,S) and (g, H) verify the (CLRgp)-property, there exist two sequences
{z,} and {y,} in X such that

nh_)rrgo o(fxn,w) = nh_)n;o o(w, fry) = nh_)rrgo o(Sty,w) = nh_)rrgo o(w, Sxzy)

= lim o(w, gy,) = lim o(gyn,w)
n— oo n— oo

= lim o(Hyn,w) = ILm o(w,Hy,) = o(w,w); weSXNHX.

n— oo

Since w € SX, there exists k£ € X such that Sk = w. Now, we want to prove that
fk = Sk. Suppose that fk # Sk. Obviously,

(2.11) Jim o(Hyn, gyn) = o(w, w),

and

(2.12) lim o(fk, Hy,) = lim o(fk,gya) = o(fk,w).
From (2.1),

(2.13) Blo(fk, gyn)) < BA(k, yn)) — a(A((k, yn)),
where

A(k,yn) = max{c(Sk, Hy,),o(fk,Sk),c(Hyn, gyn), o (fk, Hyn),o(Sk, gyn)}-
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Taking the limit as n — oo and using the equations (2.11) and (2.12), we get

(2.14) lim A(k,y,) = max{c(w,w),c(fk,w),oc(w,w),c(fk,w),o(w,w)}

o = o(fk, w).
Letting n — oo in (2.13), by (2.12) and (2.14), we get
Blo(fk,w)) < Blo(fk,w)) — alo(fk,w)).
So oo (fk,w)) = 0, that is, o(fk,w) = 0, i.e.,
(2.15) fk =Sk =w.

Since w € HX, there exists v € X such that Hv = w. As (2.11) and (2.12), we
may write

(2.16) nh_)rr;o o(frn, Sty) = o(w,w),

and

(2.17) nh_)rr;o o (SYn, gv) = nh_)rr;o o(fan, gv) = o(w, gv).
By (2.1),

Blo(fan gv)) < B(Awn,v)) — a(A(zn,v)),
where
A(xp,v) = max{o(Szn, Hv),o(fzy, Szy),0(Hv, gv),0(fxn,, HV),o(Szy, gv)}.
Due to (2.16) and (2.17),

(2.18)7111_{{)1O A xp,v) = max{o(w,w), o(w,w), o(w, gv),o(w,w), c(w, gv)}
= o(w, gv).
By (2.17) and (2.18),
Blo(w,gv)) < Blo(w, gv)) — afa(w, gv)).

This gives that a(o(w,gr)) = 0, hence o(w,gv)) = 0. So Hv = gv = w. The
w-compatibility of (f,5) together with fk = Sk implies that

fw= fSk=Sfk=Sw.
We shall prove that fw = Sw = w. We have

Blo(fw,w)) = Blo(fw,gv)) < BAMw,v)) = a(A(w,v)),
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where
Alw,v) = max{c(Sw, Hv),o(fw,Sw),c(Hv, gv),o(fw, Hv),o(Sw, gv)}
= max{o(fw,w),o(fw, fw),o(w,w),o(fw,w),o(fw,w)}
o(fw,w).
Then

Blo(fw,gv)) < Blo(fw,gv)) — alo(fw, gv)).

This implies that a(o(fw,w)) = 0, that is, o(fw,w) = 0, so fw = w
Again the w-compatibility condition of (g, H) and the fact that g = Hv imply
that gw = gHv = Hgr = Hw. Again, using (2.1),

Blo(w, gw)) = B(a(fk,gw)) < B(A(k, w)) — a(A(k, w)),

where
A(k,w) = max{o(Sk,Hw),o(fk,Sk),c(Hw,gw),o(fk,Hk),o(Sk, gk)}
= max{o(w, gw),o(w,w),o(gw, gw), o(w, gw),o(w, gw)}
= o(w,gw).
Then

Blo(w, gw)) = B(o(fk, gw)) < Bo(w, gw)) — a(o(w, gw)),
hence, a(o(w, gw)) = 0. Thus o(w,gw) =0, so w = gw = Hw.
Finally, we shall show that w is unique. Consider that A = fA =g\ = S\ = H\.
From (2.1),

Blo(w,N) = Blo(fw,g])) < B(A(w, N)) — a(A(w, w)).

Since
A(w,A) = max{o(Sw, HN),o(fw, Sw),c(HX, g\),o(fw, HX),o(Sw,g\)}
= max{o(w,\),o(w,w),c(A\ ), o(w,),o(w,\)}
= o(w,\),
we get

Blo(w,A) = Blo(fw, gN)) < Blo(w, A)) — afa(w, A)).
Therefore, a(o(w,A)) = 0, that is, o(w,\) = 0, hence w = X. The proof is com-
pleted. O

Example 2.3. Take A =[0,1]. Consider the quasi-partial metric on A defined by
o(e,d) =|c—d|+ec.
Given f,g,H,S: A— A as
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It is clear that fA C HA, gA C SA and the pairs (f,S) and (g, H) satisfy the
(CLRgg)-property. Take B(t) = 8t and «(t) = t. We will prove that (2.1) holds.
First,

(219) Blo(fesgd)) = Bl fe — gd + fo) = B(gd) = d
Moreover,
Me,d) = max{o(Se, Hd),o(fe, Sc) (Hd gd) (fc Hd),0(Se, gd)}
= max {o(5e, 30),0(0, 30), 050, 8d> (0. 3d> <; S0}
~ max{|} c——d|+; ; ,;3d d| - —d|+§c}.

Case 1. Let A(c,d) = 33d. We obtain

(2.20) B(A(e,d)) — a(A(c, d)) = ?d - gd - 9—d > d = B(o(fe, gd)).
Case 2. Let A(c,d) = |5¢— 3d| + 3c. We have
B(Aed) —a(Ae.d) = 8(lze— dl+ 50— (Ige— zdl+70)
(2.21) _ 7(|;c - —d| + %c) > 7(2261) > d = Blo(fe, gd).
Case 3. Let A(c,d) = |$c — %d| + 3c. We have
B(A(ed) —a(Ae.d) = 8(lze— gdl+ 50— (5e— <dl+70)
(2.22) - (|— - —d| + 1c) > 7(13d) > d = B(o(fe, gd)).

24
From (2.20) to (2.21), the condition (2.1) holds. Here, 0 is the unique common
fized point, that is, f0 =90 =50= H0=0.

Example 2.4. Let X =[0,7) and o(x,y) = |z —y| + = for all z,y € X. (X,0) is
a (QPMS). Define (f,S) and (g, H) as two pairs of self-mappings on X, where

[ 0;2e{0}UT) [ 0;ze{0}U5T)
f(m)_{ 2 12 €(0,5), g(m)_{ 4 ;2 €(0,5)
0;ze{0} 0;ze{0}
S ={ 5:ze(0,5) H(m):{ 6 ;2 e (0,5)
=5 2 €[5,7), x—5;x€[5,7).
Also, define B(t) = 8t and o(t) = 5. Choose {xn} = {0} and {y,} = {5+ ~}.

Then
lim o(f(z,),0) = lim ¢(0, f(z,)) = lim o(S(z,),0) = lim ¢(0,5(z,)) = ¢(0,0) = S(0) = 0.

n—oo n— oo n—oo n—oo



424 M.A. Barakat and H.M. Aydi

Also
Jim o(g(yn),0) = lim o(0,9(yn)) = lim o(H(yn),0)
= nh_)n;o 0(0,H(yn)) =0(0,0) = H(0) = 0.

Hence the two pairs (f,S) and (g,H) satisfy the (CLRgy)-property. Now, we
will show that the contraction condition (2.1) holds. For this, we distinguish the
following cases.

Case 1. z,y € {0} U[5,7). Here, we have

Blo(fz,gy)) = B(0(0,0)) = 0 < B(A(z,y)) — a(A(z,y)).
Case 2. z € {0} and y € (0,5). We have
Blo(fz,gy)) = B(0(0,4)) = 32.

Also,
Alz,y) = max{o(Sz, Hy),o(fz,Sz),0(Hy,gy),o(fr,Hy),o(Sz,gy)}
= max{0(0,6),0(0,0),0(6,4),0(0,6),0(0,4)}
— max{6,0,8,6,4} = 8.
Hence,

B(A(,p) — a(Az,y)) = 64— 3 > 32.= B0z, 99)).
Case 3. x € (0,5) and y € [5,7). We have
Blo(fx,gy)) = B(0(2,0)) = 32.

Moreover,
Az,y)  =max{o(Sz, Hy),o(fx,Sx),0(Hy,gy),0(fz, Hy),o(Sz, gy)}
= max{o(57 Yy — 5)7 0(27 5)7 J(y - 57 0)7 0(27 Yy — 5)7 0(57 0)}
= max{|10 — y| + 5, 5,2y — 10,|7 — y| + 2,10} = 10.
Then

BA(z,y)) — a(A(z,y)) = T9 > 32 = B(a(fx, gy))-
Case 4. z € (0,5) and y = 0. In this case,

Blo(fz,gy)) = B(o(2,0)) = 32.

Then
Az,y)  =max{o(Sz,Hy),o(fz,Sz),0(Hy,gy),o(fz,Hy),o0(Sz,gy)}
= max{o(5,0),0(2,5),0(0,0),0(2,0),0(5,0)}
— max{10,5,0,4,10} = 10,
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that 1is,
BA(z,y)) — a(Alz,y)) =79 > 32 = B(o(fz, gy))-
Case 5. x,y € (0,5). Here,
Bo(fx,gy)) = B(o(2,4)) = 32.

Also,
Az,y)  =max{o(Sz, Hy),o(fx,Sz),0(Hy,gy),o(fx, Hy),o(Sz, gy)}
= max{c(5,6),0(2,5),0(6,4),0(2,6),0(5,4)}
— max{6,5,8,6,6} — 8.
Then

S(A(r,y) ~ a(Az.y)) = 64 - 3 > 32= (o, 09))
Case 6. € [5,7) and y € (0,5). We have
Blo(fx,9y)) = B(o(0,4)) = 32.

Also,
A(z,y)  =max{o(Sz, Hy),o(fz,Sx),0(Hy,gy),o(fr,Hy),o(Sz,gy)}
:HlaX{O'(%5,6)7U(O,x+5)7U(6,4)7U(0,6)7O’(x+5,4)}
xr+5 xr+5 r+5

= —4 = .
max{6, ——,8,6,|— [+——1=8

Hence,

4

B(A(z,y)) — a(A(z,y)) = 64 — == Blo(fx,gy)).

Therefore, all conditions of Theorem 2.1 are satisfied. So, the mappings f,g, H and
S have a common fixzed point, which is 0.

On the other hand, fX ={0,2} ¢ SX = {0} U[5,6) and gX ={0,4} £ HX =
{6}U][0,2). Note that the result of Nazir and Abbas [8] is not applicable because the
hypothesis of containment among ranges of the mappings f,q,S, H in [[8], Theorem
2.1] does not hold here.

Corollary 2.1. Let (X,0) be a (QPMS). Assume that f,S,g,H : X — X verify
all conditions in Lemma 2.1. Suppose, in addition, that the pairs (f,S) and (g,T)
are w-compatible. Then there exists a unique common fized point of f, g, H and S.

Proof. From Lemma 2.1, (f,S) and (g, H) share the (CLRgg)-property. All con-
ditions of Theorem 2.1 are fulfilled. Then exists a unique x € X such that fx =
Str=gr=Hx=z. O
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By taking 8(t) = fg n(s)ds in Lemma 2.1 and Theorem 2.1, where 7 : [0,00) —

[0, 00) is a Lebesgue-integrable summable mapping such that [, n(t)dt > 0 for € > 0,
we state the following.

Corollary 2.2. Let f,S,g and H be self-mappings on a (QPMS) (X,0) such that

o(fx,9y))
(2.23) / n(s)ds < Az, ) — a(A(z, ),

where Az, y) = fmax{G(SzyHy)yd(frVSr)J(Hy,yy)vo(fmyHy),G(Sz,gy)} n(s)ds. Assume that

(f,S) and (g, H) fulfill the (CLRgsy)-property. Then fx = Sx = gv = Hx. Fur-
thermore, if (f,S) and (g,T) are w-compatible, there exists only one point x € X
so that fr =Sz =gx = Hx = x.

Remark 2.1. Corollary 2.2 extends the paper by Vetro et al. [11] from metric
spaces to (QPMS).
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Abstract. We generalize the notion of consistency in invertibility to Banach algebras
and prove that the set of all elements consistent in invertibility is an upper semiregu-
larity. In the case of bounded liner operators on a Hilbert space, we give a complete
answer when the set of all CI operators will be a regularity. Analogous results are
obtained for Fredholm consistent operators.
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1. Notations, motivations and preliminaries

For a closed subspace M of a Hilbert space H we use the symbol Py to denote
the orthogonal projection onto M. For a given operator A € B(H, K), the symbols
N(A) and R(A) denote the null space and the range of A, respectively, while
n(A) = dim N (A) and d(A) = dim R(A)+

The notion of operators consistent in invertibility, C'I for short, was introduced by
Gong and Han in [7]. We say that an operator T' € B(H) is consistent in invertibility
(CI) if for each A € B(#H), AT is invertible if and only if T'A is invertible. A
characterization of C'I operators is given by the next Theorem:

Theorem 1.1. An operator T € B(H) is CI operator if and only if one of the
three mutually exclusive cases hold:

(i) T is invertible;

(i) R(T) is not closed;
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(iii) N(T) # {0} and R(T) = R(T) # H.

It is easy to see that an operator T' € B(H) is not CT if and only if T is left invertible
but not right invertible, or right invertible but not left invertible. The CI spectrum
of T € B(H) is defined by

ocr(T)={AeC: T— X isnot CI}

Results concerning CI operators were obtained in [8, 9] and [1, 2, 10]. It is fairly
easy to see that if A and B are CI operators, then AB is a CI operator, it would
be of interest to determine whether the set of all C'I operators is a regularity. We
will prove that in general this is not the case.

The notion of consistency has been generalised, and explored in other cases, such as
Fredholm consistency (FC) ([1, 2]). Using a characterization of F'C operators used
in [2] given in the following Theorem we will answer the same questions we did in
the case of C'I operators in B(H):

Theorem 1.2. Let T € B(H). Then T if Fredholm consistent (FC') if and only if
one of the following conditions is satisfied:

(i) T is Fredholm,
(i) R(T) is closed, n(T) = d(T') = oo,
(#ii) R(T) is not closed.

It is easy to see that an operator T' € B(#H) is not Fredholms consistent if and only
if T is left Fredholm, but not right Fredhlom, or it is right Fredholm, but not left
Fredholm. Some other recent results on Fredholm operators can be found in

Let us now recall the definition of a regularity (upper semiregularity) in a Banach
algebra:

Definition 1.1. [4] Let A be a Banach algebra. A non-empty subset R of A is
called a regularity if

(1) fae AandneNthena € R< a” € R,

(2) if a,b,c,d are mutually commuting elements of A and ac + bd = 14, then
abe R ae Rand b € R.

Definition 1.2. [5] Let A be a Banach algebra. A non-empty subset R of A is
called an upper semiregularity if

(1) iface Aandn e Nthena € R=a" € R,

(2) if a,b, ¢, d are mutually commuting elements of A and ac+bd = 1 4, and a,b € R,
then ab € R.

(3) R contains a neighborhood of the unit element 1 4.

Some important examples of regularities include sets of all invertible (left invertible,
right invertible) operators, Fredholm (left Fredholm, right Fredholm) operators etc.
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2. Consistency in invertibility

We introduce C1 elements in Banach algebras in the same manner. Let A be a
Banach algebra, and A~! the group of all invertible elements. We say that a € A
is consistent in invertibility (CI) if for all c € A

ace AV s cae AL

First we prove a lemma which gives a characterisation of CI elements similar to the
characterisation of C'I operators:

Lemma 2.1. A Banach algebra element a is not CI if and only if a € Al_l \ AL
orac AU\ A

Proof. Assume a € A is not C'I. Then there exists an element ¢ € A such that
ace€ A 'andca g A~ !, orca € A~! and ac € A~!. If the first statement is correct,
since ac € A~! we have that a must be right invertible. If a were left invertible
as well, then ¢ would be invertible, and ca would be invertible as well. From this
contradiction we see that a € A1 \Al_l. We analogously conclude that in the other
case a € AP\ AL Ifa € A7\ AT we have that a; 'a = 14 and aa} ¢ A7 for
an arbitrary left inverse of a, so a is not C'I. We analogously conclude that a is not
CT when a € A7\ A7 as well. O

Theorem 2.1. The set of all CI elements in A is an upper semiregularity.
Proof. If a,b are commuting CTI elements and ¢ € A arbitrary we have that
abc is invertible < bca is invertible &

< cab is invertible

This stronger statement implies that conditions (1), and (2) of Definition 1.2 are
satisfied.

Since invertible elements are C'I, and we know that there exists an open neighbor-
hood of 1 4 where all elements are invertible. We conclude that there exists an open
neighborhood of 14 where all elements are CI. This completes the proof. O

As a corollary of the previous Theorem we have:
Corollary 2.1. The set of all CI operators in B(H) is an upper semiregularity

Since all invertible elements in a Banach algebra are CT have that oc¢(a) C o(a),
where
ocr(a)={Ae€C: A—aisnot CI}.

Recall the following Theorem from [5]:
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Theorem 2.2. [5] Let R C A be an upper semireqularity. Suppose that R satisfies
the condition
beRNA ' =bteR.

Then or(f(a)) C f(or(a)) for all a € A and all locally non-constant functions f
analytic on a neighborhood of o(a) Uor(a).

Further, o (f(a)) C f(or(a)Ua(a)) for all functions f analytic on a neighborhood
of or(a) Uo(a).

Since ocr(a) C o(a) (and thus ocr(a) Uo(a) = o(a)) we get that the following
Theorem holds:

Theorem 2.3. For every a € A oci(f(a)) C f(oci(a)) for all locally non-

constant functions f analytic on a neighborhood of o(a) U ocr(a) = o(a), and
flocr(a)) C f(o(a)) for all functions f analytic on a neighborhood of o(a).

It is now only natural to ask what further properties does the set of all bounded
linear operators (Banach algebra elements) consistent in invertibility satisfy, and
under which conditions it will be a regularity.

Remark: We from lemma 2.1 we see that

ocr(a) = (a1(a) \ or(a)) U (o,(a) \ a1(a)).

In the case A = B(H) this implies that the consistency spectrum of a bounded
linear operator can be empty. For example, self-adjoint (normal) operators on
Hilbert spaces will have an empty CI spectrum.

It would be natural to check whether the C'I spectrum is closed, and from the
following example we will see that this is generally not the case.

Example 1 Define the operator T' on B(I*> @ [?) by
T=2S0(I-S"):Pol?=Pal?

where S is the right shift operator on [2. Let (\,), be a sequence of complex
numbers such that
lm A, =2, A\, € B(0,2)\ B(1,1),

n— oo

where B(\,r) is the open ball with radius r and center A. Recall that S — AT is
right, but not left invertible for |A| < 1, and S — AI is left, but not right invertible
for [A\| =1, and S — A is invertible for |A| > 1. We have that each X\, € o¢r(T)
because 2S5 — A, I is right, but not left invertible, and (1 — \,,)I — S* is invertible,
T is left, but not right invertible. However, since 25 — 21 is not right invertible and
I—5*—21 = —(S*+1) is not left invertible (as the Hilbert adjoint of an operator
which is not right invertible), we see that T'— 21 is neither left nor right invertible,
so T —2I is CI. We get that ocr(T) is not closed.

It is easy to see that T € B(H) is CI if and only T™ is CT for n > 1 so it is
natural to investigate whether the set of all C'I operators forms a regularity. The
following examples will serve as motivation for the answer:
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Example: 2. Let T and Py be operators B(I?) defined in the following way,
T = S2, where the S is the right shift operator on [? and Pj; the orthogonal
projection on the subspace

M= {x=(x1,29,...,2pn,...) €1>: Toy_1 = 20, n € N}.

Let 2 = (21,%2,...,%p,...) € [ be arbitrary, then (21,71, T2, T2, ..., Tn, Tn,...) is
an elements of M, so M is a non-trivial subspace of (2. It is easy to verify that M
is closed. It is easy to see that T commutes with Py; and Py;.. We have that

2Py + 2Py —T =21 —-T,
which is invertible. For an z € {2 we have
2Py — T)x = (1 + @2, 1 + T2, T3 + T4 — T1,%3 + Ty — Ta,...).

Since (1,0,...,0,...) € R(2Py — T) we have that 2Py, — T is not right invertible.
Assume now that (2Py; — T)x = 0 for some x = (21, x2,...) € [2. This means that

T+ a2 =0,
r3+ x4 —x1 =0,

xr3+ x4 — 22 =0,

From the first three equations we get that x; = x2 = 0, similarly we conclude that
x3 = x4 = 0, and then zop_1 = zox = 0, for £ € N. It is easy to establish that
2Py; —T has closed range. This means that 2Py, — T is left, but not right invertible.
It is easy to check that (21 — T)~! commutes with Py;. and 2Py — T. Finally we
have the following:

(21 —T) 'Pyr + (21 - T) ' 2Py —T) =1,

and all the operators in question commute, P,;. is a CI operator since
N(Pur) = R(Pu)*t # {0}, 2Py — T is not a CI operator because he is left but not
right invertible and

2Pyr1 (2Py — T) = (2Pyr — T)(2Pys1) = —2T Pype

is neither left nor right invertible, so it is a C'I operator . This means that condition
(2) in Definition (1.1) is not satisfied, so the set of all CI operators on [? is not a
regularity.

Example 3. Any complex matrix T' € C™"*" is a CI operator since it is either
invertible or {0} # N(T), R(T) # C™. This means that the set of all CI matrices
coincides with C™*™ (which is equivalent to saying oo (T) = @ for all T € C"*"™)

We can now characterize when the set of all C'I operators on a Hilbert space
will be a regularity
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Theorem 2.4. The set of all CI operators in B(H) on a Hilbert space H is a
reqularity of and only if H is finite dimensional.

Proof. If H is finite dimensional, it is isomorphic to C**" for some n € N. From
the previous example we see that in this case the set of all CI operators will forms
a regularity.

Conversely, assume that H is not finite dimensional. If A is separable, then it is
isomorphic to I? so we can conclude from Example 2 that the set of all C'I operators
in B(#) is not a regularity. If H is not separable, then it contains a separable closed
subspace . We have that H = K @ K+. We also know that K is isomorphic to
I2. From Example 2 we have a pair of commuting operators which do not satisfy
condition 2. from Definition 1.1. Without loss of generality let us denote them by
2P;; and 2Py — T as well. Then the operators

A=2Pi; ®0, B=2Py —T& Ic1

commute, and there exist operators C, D such that AC + BD = I; which commute
with A and B as well. Furthermore, A is a CI operator, B is not a CI operator,
but their product is a CI operator. This is in contradiction with condition 2. of
Definition 1.1, so the set of all CI operators is not a regularity. O

3. Fredholm consistency

As in the case of CI operators, the notion of Fredholm consistency gan be gener-
alized to Banach algebras as well. In [6] T-Fredholm elements of a Banach algebra
were introduced. If T': A — B is a bounded algebra homomorphism between com-
plex Banach algebras A and B where 14 # 04(1p # 0p) we say that a € A is T-
Fredholm (left 7-Fredholm, right 7-Fredholm) if and only if T'(a) € B~*(B; !, B;1).
We can now say that a € A is T-Fredhom consistent (T-FC) if for each ¢ € A

ac is T — Fredholm < ca is T — Fredholm.

In a matter analogous to Lemma 2.1 and Theorems 2.1 and 3.3 we get the
following results:

Lemma 3.1. A Banach algebra element a is not T-FC if and only if a is left
T-Fredholm but not right T-Fredholm, or a is right T-Fredholm but not left T-
Fredholm.

Proof. Assume a € A is not T — FC. Then there exists an element ¢ € A
such that T'(ac) € B~ and T'(ca) ¢ B, or T(ca) € B~! and T(ac) ¢ B~1. If
the first statement is correct, since T'(ac) = T(a)T(c) € B~! we have that T(a)
must be right invertible. If T'(a) were left invertible as well, then T'(¢) would be
invertible, and T'(ca) would be invertible as well. From this contradiction we see
that T'(a) € By 1\ B; ', which means that a is right T-Fredholm but not left T-
Fredholm. We analogously conclude that in the other case T'(a) € B; '\ Bt If
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a is left T-Fredholm but not right T-Fredholm we have that T'(a) € B; '\ B! we
have that T'(a); 'T(a) = 15 and T'(a)T(a);* ¢ B! for an arbitrary left inverse of
T(a), so a is not T — FC. We analogously conclude that a is not T'— FC when a
is left T-Fredholm but not right T-Fredholm. O

Corollary 3.1. Let A and B be complex Banach algebras such that 14 # 04 (1p #
08), and T : A — B a bounded algebra homomorphism. Then, a € A is T — FC if
and only if T(a) is C1.

Theorem 3.1. Let A and B be complex Banach algebras such that 14 # 04 (1p #
08), and T : A — B a bounded algebra homomorphism. The set of all T-Fredholm
consistent elements is an upper semiregularity.

Proof. Let a,b € A be commuting T-Fredholm consistent elements and ¢ € A
arbitrary. We have that

abe is T-Fredholm < bea is T-Fredholm <

< cab T-Fredholm.

Since invertible elements are T'— F'C', and we know that there exists an open neigh-
borhood of 14 where all elements are invertible. We conclude that there exists an
open neighborhood of 1 4 where all elements are T'— F'C. This completes the proof.
O

Corollary 3.2. The set of all Fredholm consistent operators in B(H) is an upper
semiregularity.

Since invertible elements of a Banach algebra are T-FC we see that a Theorem
analogous to Theorem 2.3 will hold for the T-FC' spectrum as well where

orrc(a) ={Ae€C: a—Aisnot T — FC}

Theorem 3.2. For every a € A orpc(f(a)) C florrc(a)) for all locally non-
constant functions f analytic on a neighborhood of o(a) U orpc(a) = o(a), and
flocr(a)) C f(o(a)) for all functions [ analytic on a neighborhood of o(a).

Again, in the case A = B(H) and when we observe Fredholm operators, self-
adjoint operators have an empty F'C' spectrum. The following examples will show
that the set of all Fredholm consistent operators in B(H) is not generally a regularity,
and that the F'C' spectrum is generally not closed:

Example 4. Let A € B(I?) be defined in the following way:

Az = (21,0,22,0,23,0,...), & = (z1, T2, 23,...) € .
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In other words, Ae,, = es,,_1 where e,, is the n-th vector in the standard orthonormal
basis. It is easy to see that A is left invertible, but not right invertible and d(A4) = co.
This means that A is left Fredholm but not right Fredholm so A is not Fredholm
consistent. On the other hand for

(I — Az = (0,29, 23 — To, T4, T5 — 3, T6,...), T = (T1,T2,23,...) €12

we have

NI-A)=R(I-Ar={zcl®>: z,=0,n>2}

The last part in the equation follows from the fact that for
(I — A%)x = (0,29 — 3,3 — T5, Ty — T7,T5 — Tg, ... )
we have that x € N(I — A*) if
Tp = Ton—1 = Tan—3 = ...

S0
NI-AY)Y={zel®: z,=0,n>2}).

We see n(I — A) = d(I — A) = 1 which means that I — A is Fredholm, and thus
FC. Now we define an operator T € B(I? @ [?) as

T=A®Ip.
‘We have that T is also not Fredholm consistent and that
Ipgpr =T =(I2— A)®0

so n(Ippgz — T) = d(Ijizg2 — T) = oo which means that I — T is Fredholm con-
sistent in B(I> @ [2). For (Ijzg2 — T)T we also have that n((Ijzqz — T)T) =
d((Ijzgz — T)T) = 0o so this operator is Fredholm consistent in B(I* @ [2) as well.
Finally, since (Ijzqy2 — T) + T = Ij2q2, and 242 — T and T trivially commute we
see that the condition 2. from Definition 1.1 isn’t satisfied from which we conclude
that the set of all Fredholm consistent operators in B(I? & [2) is not a regularity.

Example 5. Let H be separable Hilbert space. Then H can be represented
as an orthogonal direct sum of closed infinite dimensional subspaces M,, n € N
(H=6D,”; M,). To see that such subspaces exists we can do the following. Since
‘H is separable,let M; be a closed infinite dimensional subspace of H with infinite
codimension. We have that Mji is also a separable infinite dimensional Hilbert
space. Let M, be the closed subspace of Mj- isomorphic to the subspace M;. Con-
tinuing this process we construct the subspaces M, n € N. Let ()A,),, be a sequence
of complex numbers that converges to 0. For each n € N there exists a bounded
linear operator T,, € B(M,) such that T,,T, — A\, m € N\ {n} are invertible
and n (T, — A\p) = oo and R (T, — \,) = M,. This means that A\, € opc (T},)
and 0, \,, € orc (Ty), m € N\ {n}. Furthermore we can select these operators in
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such a way that the family of operators T;, is uniformly bounded. We have that
T =@, , T, is a invertible bounded linear operator on H such that

n(T—M)=00, R(T—\,) =H, neN.

This means that A, € opc (T'), n € N, but 0 € opc (T). We conclude that ope (T)
is not closed. To see that the operators T, indeed exists we can construct them
now. For each n € N there exists r, > 0 such that \,, & B(\,,r,) for m # n. It
follows that |ry,| < |A\,| and that 0 € B(\,, 7). Furthermore, for each n € N there
exists a subspace K,, such that M,, = KC,, @ K and dim K,, = dim KC;> = co. We
have that /C,, is isomorphic to M,,, let us denote the isomorphism by J/. Without
loss of generality we can assume that J/, is unitary. This isomorphism is naturally
extended to J,, € B(M,,) by

Jhr, zeK,
Jor = 1
0, x ey,

We have that N(J,) = IC;-, and R(J,,) = M,,. Define T}, by
T, =rndn + An.

We have that T,, — A, = rpdpn, so n(T,—N\,) = n(J,) = oo and
R (T, — ) = R(Jn) = My, so Ay, € opc (Th). Since |Apl, |[An — Am| > |rn] =
lrnJn| for m # n we have that T, and T,, — A\, m # n are invertible, and
ITn]] <7+ A <14 M for n € N where M is any upper bound for the convergent
sequence (A, ), which proves that the family (7},),, is uniformly bounded.

Since opc(T) = O for all T € B(H) when H is finite dimensional the set of

Fredholm consistent operators will coincide with B(#) and will thus be a regularity.
We have that the following Theorem analogous to Theorem 2.4 holds:

Theorem 3.3. The set of all Fredholm consistent operators in B(H) on a Hilbert
space H is a regularity of and only if H is finite dimensional.
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Abstract. In this paper, we consider a non-linear impulsive Sturm-Liouville problem
on semiinfinite intervals in which the limit-circle case holds at infinity for THE Sturm-
Liouville expression. We prove the existence and uniqueness theorems for this problem.
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1. Introduction

The theory of differential equations with impulses describes processes that are
subjected to abrupt changes in their states at certain moments. Such processes
arise in many fields of science and technology: chemical technology, biotechnology,
theoretical physics, industrial robotics, etc. For an introduction to the basic the-
ory of differential equations with impulses see Bainov and Simeonov ([3], [4], [5]),
Benchohra, Henderson and Ntouyas ([6]), Lakshmikantham, Bainov and Simeonov
([18]) Samoilenko and Perestyuk ([31]) and the references therein.

Recently, much work has been done on the existence of solutions to impulsive
Sturm-Liouville equations; for regular impulsive Sturm-Liouville problems see [2,
7,9, 12-15, 25-27, 30, 33], for singular impulsive Sturm-Liouville equations see [1,
10, 18-19, 21-24, 29]. However, there is no paper concerned with the existence of
solutions to singular impulsive non-linear Sturm-Liouville problems that the limit-
circle case holds at infinity. In this paper, we fill the gap by using a special way to
pose boundary conditions at infinity.

Let us consider the following nonlinear Sturm-Liouville equation

(1.1) L(y) = —(p@)y) +q@)y = f(z,y), e,
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where I := 1, Uly, I := [a,¢), Iz := (¢, +0), —00 < a < ¢ < 400, and y = y ()
is a desired solution.

Let L?(I) be a Hilbert space which is composed of all complex-valued functions
y satisfying

/ ly (@) de < oo

in relation to the inner product

(y,2) = /OO y () z (z)dz.

Denote by D the linear set of all functions y € L?(I) such that y, py’ are locally
absolutely continuous functions on I, one-sided limits y(ct), (py’)(ct) exist and are
finite and I(y) € L?(I). The operator L defined by Ly = I(y) is called the maximal
operator on L?(I).

For two arbitrary functions y, z € D, we have Green’s formula
(1.2) / I (y) zdx —/ yl (2)dz = [y, 2]e— — [y, 2la + [y, 2loo — [y 2]es,

where [y, z]. = y(z)(pz')(z) — (py')(2)2(2) (z €1).
We assume that the following conditions are satisfied.
(A1) The points a and ¢ are regular for the differential expression [. p and ¢

are real-valued, Lebesgue measurable functions on I and %, q € L}OC(I ). The point

c is regular if 113, q € L'[c — ¢, c + €] for some € > 0. Moreover, the functions p and
q are such that all solutions of the the equation

(13) [(y) =0

belong to L2 (I), i.e., Weyl limit-circle case holds for the differential expression [
(see [1-3]).
(A2) The function f (z,y) is real-valued and continuous in (x,¢) € I x R, and

(1.4) |f (2,0l < g(x) +9[¢]

for all (x,¢) in I x R, where g (z) >0, g € L?>(I), and ¥ is a positive constant.

If we define the operator F taking each function y(.) to the function f(.,y(.)),
then the condition (4) is necessary and sufficient for F' to map L? (I) into itself (see
([17], Chapter 1)).

Denote by

o _fuW (), zeh o [ vV (@), zen
wi=u(r) = u® (z), zel yvi=v(e) = v®? (z), z€l,

the solutions to the equation (1.3) satisfying the initial conditions

(1.5) u (@) =0, (pu) (@) = 1, vV (a) = 1, (po'") (a) = 0,
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and impulsive conditions

Ulct) = CU (=), Ulx) = (pZ’()x()a:) ,
(1.6) v
Vet)=CV (c—), V(z):= ) () )

CeMy(R), detC =p>0,
where My (R) denotes the 2 x 2 matrices with entries from R.
Now, we introduce the Hilbert space H = L2 (I;)+L? (I) with the inner product
c - e - 1
(y,2) == / yW=Wde + 7/ y®2@da, v = -,
a (3 p
where

(1) (1)
_J ¥y (z), zel [ W), zeh
y(x) —{ v (2), wel,’ z() —{ 2@() zel

We set W, = W, (u®,0®) = u® (@) (pvD) (@)~ (pu®) (2)o (2) (z € L;,i=1,2).
Then the equality W,El) = pWagQ) holds. For convenience, we denote W, := W,El) =
pW¢£2). Since the wronskian of any two solutions of Equation (1.3) is constant, we
have W, (u,v) = 1. Then, v and v are linearly independent and they form a fun-
damental system of solutions of equation (1.3). By the condition Al, we get u,
v € L? (I) and moreover, u, v € D. So, the values [y, u]s and [y, v]o exist and are

finite for every y € D. By using Green’s formula (1.2) and the conditions (1.5)-(1.6),
we can get

[y, ulee = y (@) + ;7 u(2) Uy (x))dz,
(1.7)

[y, vleo = (py') (@) + [ v (2) Uy (2))da.
Now, we will add to problem (1.1) the boundary conditions

y(a)cosa+ (py’) (a)sina = dy,

(1.8) [y, U] o €08 B + [y, V] oo sin B = da,

and impulsive conditions
(1.9) Y(c+)=CY(c—),Y:<pZ,>, det C = p > 0,
where o, 8 € R, and dy, ds are arbitrary given real numbers, and
(A3) w:=cosasinf — cos Bsina # 0.
Since the function y in (1.8) satisfies Equation (1.1), we have
e =y(@+ [ )] @y @)dn

o0

[y vlos = (20 () + / v (@) f @,y (2)) da.

a
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2. Green’s function

In this section, we construct an appropriate Green’s function. So, we will reduce
the boundary-value problem (1.1), (1.8), (1.9) to a fixed point problem.

Let us consider the linear boundary value problem

(2.1) —(p@)y) +ql@)y="h(x), x €1, heH,

y(a)cosa+ (py') (a)sina = 0,
(2.2) [y, u]oo cOS B + [y, v]oosin B = 0, a, B € R,

Y—(C—‘r):C'Y—(C—)7 Y = ( pgj/ )7 detC’:p>07

where y is a desired solution, u and v are solutions to the equation (1.3) under the
conditions (1.5)-(1.6).
Define

(2.3) ¢ (x) = cosau (z) +sinav (z), ¥ (z) = cos Bu (x) + sin Bv (z),

where Wy (p, 1) = w. It is clear that these functions are solutions to the equation
(1.3) and are in H. Further, we have

[p,uls = ¢ (a) = —sina, [p,v], = (pp)’ (a) =cosa, (z € I1),
hbau]f = T/’(a) = —Sil’lﬁ, W},U}z = (PT/’)/ (a) = COSB7 (1‘ € 11)7
[, u]loo = —psin B, [, v]oc = pcosf,

O (ct) = OB (c—), B(x) = ( ( v ()
U (ct) = C¥ (c—), U(z) = < ¥ ()

Let us introduce the function

e@v®) ifa<z<t<oo, xitec t#ec
(24) G(l‘,t) — Lp(tm(x)a . =4 = ) 7é ) 7& )
===, ifa<t<r<oo, z#c t#c.

G (z,t) is called the Green’s function of the boundary-value problem (2.1)-(2.2).
Since ¢, € H, we have

(2.5) / / G (2, )2 devdt < o0,
i.e., G(z,t) is a Hilbert-Schmidt kernel.

Theorem 2.1. The function
(2.6) y(z) = / G(axt)h(t)dt—l—’y/ G (z,t)h(t)dt, x €1,

is the solution of the boundary-value problem (2.1)-(2.2).
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Proof. By a variation of constants formula, the general solution of the equation
(2.1) has the form

kieW (z) + kop ™ ()

+¢(1)(:v) [

w

LW () h(t)dt

a

(2.7 oo PRI @R @ sl
| o

k3o® (z) + kg (z)
+29@ (z) [T @ (t) h(t)dt

+2@ () [y () h(t) dt, x € I,
where k1, ko, k3 and k4 are arbitrary constants.
By (2.7), we get

k1 (ppM) (@) + ka(pyp D) ()

+ T o ) 1) ar

(1) (x

+( f¢ ()dt,.’L’EIh

(py) (z) =
ks (W(?))’ (x) + ka(pp @Y ()

+2 (@) (@) [ ™ @) h (1) dt

+2 (pp@) (2) [ 9@ () b () dt, © € L.

Hence, we have
y (@) = ki (a) + ko)) (@) + £ [0 (1) h (1) dt
= —kysina — kysin B — Lsina [T oM () b (t) dt,
(2.8) (py)' (a) = k1 (D)’ (0) + k2 (py)' (a)
+1 (pp™M) (@) [£0D (t) h(t) dt

=kicosa+kycos B+ Lcosa [Tl () h(t)dt.
Substituting (2.8) into (2.2), we get

ko (cosasin 8 —sinacos 8) = 0, kow =0,



444 B.P. Allahverdiev and H. Tuna

i.e., ko = 0. Further, we have
v, ule = y(z)(p)(2) — (py') (z)u(z)

ko™, ule + [0 (z),uls [ oW (t) b (t) dt

+1eW (), uy [ (t)dt, = € I,

k3 [¢(2)7 u}az + k4 W)(2)7 u}a:

F 2@, [T @ (8) () dt

F 2@ ul, [ @ (#) b () dt, @ € L.

Thus
[y, u]oo = —k3psina — kypsin § — lpsinﬁ/ © @) (t) h(t)dt.
w (&
Similarly, we get

= y(x)(pv")(x) — (py') (2)v(x)

[y, v]a
kl [‘p(l)v U]I

+ W™ (@) vle [ o (t) dt

+1eW (), 0] [FYO @) h(t)dt, x € I,

kS [80(2)7 U]z + k4 W)(2)7 U]z

F 2@ o], [T @) () b (t) dt

+ 2@ 0], [Z9@ () k() dt, x € I,

and
= kgpcosa + kypcos

[y, v]oo
+ %pcosﬁ/c 0@ (t) h (t) dt.

From the conditions (2.2), we obtain

ks (sin acos f — cos asin B) = 0.
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Hence, k3 = 0. Similarly, we have
o yler) N k@ (ch)
Yiet)= ( (vy') (c+) ) - ( k(™)) (c4) )

( 2@ () [720@) (t) b (t) dt )
_|_
2 (pe®) (c+) [0 () b (t) dt

—h ( (pﬁ?))(/c o )
/ vt ( (e )))(C(+c)+) >

= kW (c+) { / v@ (1) } (c+)

and

w“) (o)
:( Fap® (c-) >+ Juet @@ dt
k1 (pp™) (c-) ( c

(1) _
(@eDV ) e ) (1)1 (1) dt

_ e (c-) 1 ‘ (1) M (c-)
_kl( (pp®)" (c-) >+ w/a e @h ) dt( (v ™) (c-) )

By the conditions (2.2), we obtain

kaW (c+) { / P (1) } (c+)

=C {klé (c—) + {% / oM (t) h (t) dt} 1\ (c—)} .
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Using the conditions (2.) and (2.), we get

e [ ora-s)

(252 (2 omoa-a)
L)

So, we have the following linear equation system

kapt) (e=) = ko™ (e-)

_ {l /ac oW (¢) h () dt} pd (e-)

w

. {% /COO W3 (t) h(t) dt} M (),

ka(p™') (c—) — k1 (pp™') (c—)

{2 [ onwal e e

_ {% /COO W@ (t) h(t) dt} (pe™") (e=),
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(e oo ) (4)

:< B0 (=) e (em) )
(peV) (=) (pp™) (c-)

Sl @ n)dt
X .
( =2 [Z @ () () dt )

Hence, we have the following determinant of this linear equation system

P (c-) oW (c—)
’ (P ™) (=) (pe™’) (c—) ’

Since this determinant is different from zero, the solution of this system is unique.
If we solve this system, we have the following equalities

oo 1 c
by — %/ V@ () h(t)dt, ky = ;/a oW () h (1) dt.

i.e.,

= —Ww.

From what has already been done, we have
M (2) 3 [0 () h(t) dt

+¢(1)(:v) [

w

oW () (1) dt
+£06) ey (1) h () dt, w e I,
@ (x) L [CoW (t) h(t) dt

+203) (z) [T @ (t) h(t) dt

+20@ (z) [P () h(t)dt, z € I,
ie., (2.4) and (2.6) hold. O

Thus we have a

Theorem 2.2. The unique solution to the equation (2.1) under the conditions
(1.8)-(1.9) is given by the formula

y(z)=w (l’) +(G (3;‘7 D5 h()),

where p p
w(z) = —¢ () — =9 (2).

w w
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Proof. By the conditions (2.)-(2.), the function w (x) is a unique solution of the
equation (1.3) satisfying the conditions (1.8)-(1.9). By Theorem 1 the function

(G (x,.),h(.)) a unique solution to the equation (2.1) satisfying the conditions (2.2).
This finishes the proof. [

From Theorem 2, the boundary-value problem (1.1), (1.8), (1.9) in H is equiv-
alent to the non-linear integral equation

(2.9) y(x) =w (@) +(G (@), f(y(), zel,

where the functions w (z) and G (z,t) are defined above. Hence, we shall study the
equation (2.9).

By (1.4) and (2.5), we can define the operator T': H — H by the formula

(2.10) (Ty) (2) = w (2) + (G (z,.), f (y (), w €1,

where y, w € H. Then the equation (2.9) can be written as y = T'y.

Now, we search the fixed points of the operator T' because it is equivalent to
solving the equation (2.9).

3. The fixed points of the operator T'

In this section, we investigate the fixed points of the operator T by using the
following Banach fixed point theorem:

Definition 3.1. [[16]|Let A be a mapping of a metric space R into itself. Then z
is called a fixed point of A if Ax = x. Suppose there exists a number o < 1 such
that

p(Az, Ay) < ap (z,y)

for every pair of points z,y € R. Then A is said to be a contraction mapping.

Theorem 3.1. [16] Every contraction mapping A defined on a complete metric
space R has a unique fixed point.

Theorem 3.2. Suppose that the conditions (A1), (A2) and (A3) are satisfied.
Further, let the function f(x,y) satisfy the following Lipschitz condition: there
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exists a constant K > 0 such that

/: ) (%y(l) (m)) _ (%Z(l) (x)>‘2dm
7 ) 9 e )

<K’ (/ y® (@) = 2 (m)fdmﬂ/:o [y () — = (x)fdm)

2
=Ky —z||

forally,z € H. If

(3.1) (/ / G (2, 1) d:z:dt+7/ / G (z,0)) dmdt)

then the boundary-value problem (1.1), (1.8), (1.9) has a unique solution in H.

Proof. Tt suffices to prove that the operator T is a contraction operator. For y, z €
H, we have

Ty (x) = Tz (2)]” = [(G (2,.), [f (.y () = f (.2 (D)
NG @I Gy () = f (2O
< K?|G (@ )P lly — =7, w e L.

Thus, we get
[Ty —Tz|| < ally -2,

a= (//Gmt|dmdt—|—'y/ / mtdmdt) <1,

i.e., T is a contraction mapping. O

where

Now, our next claim is that the function f (z,y) satisfies a Lipschitz condition
on a subset of H but not of the whole space.

Theorem 3.3. Suppose that the conditions (A1), (A2) and (A3) are satisfied. In
addition, let the function f(x,y) satisfy the following Lipschitz condition: there



450 B.P. Allahverdiev and H. Tuna

exist constants M, K > 0 such that
o0 2

3 [ (0 @) = 1 (029 @) e

o

2
=K?|ly - 2|

) (Ly(l) (x)) ) (m72(1> (m)”?dx

2 oo 2
V@) = @) doty [ @) - @) d)

for ally and z in Sy = {t € H : ||t|| < M}, where K may depend on M. If

L
(//|Gmtdmdt+7/ / xtdmdt)l

fac ‘f(l) (t7y(1) (t)) f(l) (t ~( 1) ’ dt

w® (az)‘2 dz —|—'y/oo ‘w(Q) (as)rd:v}l/z

1/2

X sup
YESM 1y [ £ (1,9 (1) — F@ (£, 2@ (1)) dt
<M

and

(3.2) (/ / G (z,1)]? dasdt—|—'y/ / G (z,1)]? dmdt>l<1,

then the boundary-value problem (1.1), (1.8), (1.9) has a unique solution with

c 2 S 2
/ yd (a:)‘ dm+7/ ’y@) (az)’ dx < M>.

Proof. 1t is clear that Sy is a closed set of H. We first prove that the operator T
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maps Sy into itself. For y € Sy we have

1Tyl = lw (2) + (G (2,.), £ Gy ON < Hlwll + G ()5 £ Gy ON]

<|w||+(//Gmt|dmdt+7/ / mtdmdt>2

JED (65 1) - fO (1,20 @) P )

X sup < M.
VERL Ay [ (8P (1) = 1O (.22 ()] at

Consequently, T : Spr — Sy

We can now proceed analogously to the proof of Theorem 5. So, we can get
[Ty =Tz < ally— 2|, y,z € Su.

If we apply the Banach fixed point theorem, then we obtain a unique solution of
the boundary-value problem (1.1), (1.8), (1.9) in Sp,. O

4. An existence theorem without uniqueness

In this section, we get an existence theorem without uniqueness of solution. There-
fore, we will use the following Schauder fixed point theorem:

Definition 4.1. [[11]]An operator acting in a Banach space is said to be com-
pletely continuous if it is continuous and maps bounded sets into relatively compact
sets.

Theorem 4.1. [11] Let B be a Banach space and S a nonemty bounded, convex,
and closed subset of B. Assume A : B — B is a completely continuous operator. If
the operator A leaves the set S invariant, i.e., if A(S) C S, then A has at least one
fizxed point in S.

A set S C H is relatively compact iff S is bounded and for every € > 0 (i) there
exists ¢ > 0 such that ||y(x 4+ h) — y(x)|| < e for all y € S and all h > 0 with h < d,
(ii) there exists a number N > 0 such that [y |y(z)[*dz < e for all y € S ([11]).

Now, we give

Theorem 4.2. The operator T defined by (2.10) is completely continuous operator
under the conditions (A1), (A2) and (A3).
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Proof. Let yo € H. Then, we have
(Ty) (@) — (Tyo) ()
= (G (2,), [f (v () = f Coyo O
(1.0 1)) = 70 (1 )| at

< 16 (@, )P 2
+y [ ‘f@) (t,y® (1)) — f& (t,y((f) (ﬂ)‘ dt
Thus
| Ty — Tyo|?
2
(6,50 ) - O (o )]
<K :
(2) 2
1 7|59 Ly ) - £ (60 1))t
where

(//Gmﬂdxdt—kv/ / azt|dmdt>

We know that an operator F' defined by Fy (x) = f (z,y (x)) is continuous in H
under the condition (A2) ( see [17]). Hence, for a given € > 0, we can find a § > 0
such that ||y — yo|| < ¢ implies

2
D £,y (1) - FO e (0] at B
<ﬁ'

21D (1 )~ 7O o) ar

From (4.), we get
1Ty — Tyol| <,

i.e., T is continuous.
Set Y ={y € H:|y|| <m}. By (3.3), we have
1/2

K [7]fM (t,yM(t ] dt
1Ty|| < |lw| + , forally €Y.

K [P (t,y® )] dt
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Furthermore, using (1.4), we get

[ 10 (e @) e [ (e @) e
< [T @+ @) ey [~ o2 0+ 0@ 0 a
<2 [ 1(s) 0+ |y 0] Yo

b2y [T1(®) @+ 02y 0] 1

=2(llgll* + 9% lylI*) < 2(llgl* + 9*m?).

Thus, for all y € Y, we obtain

Tyl < ol + 256 (gl +9m)] ",

ie, T(Y) is a bounded set in H.

Moreover, for all y € Y, we have

o [T |y e - @) @) o
=G (4 ) = G )y O
( [E91G (@ + hyt) — G (1) dwdt )

+vf°°f°°|G 2+ h,t) — G (2,t) dudt
SO (D (2))) de

+y 2@ (t,yP (2) )| dt

[S91G (x + hyt) — G (,t)]? dadt
<2 (H9H2 +792m> ( )

(@) (w+h) — Ty ()] da

IN
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From (2.5), there exists a 6 > 0 such that
J, fro

o0 2
+ 7/ ‘Ty(z) (x+h) — Ty® (a:)‘ dr < €2,

2
@ (2 4+ h) — TyM (m)‘ dx

for given € > 0, all y € Y and all h < 4.
Further, for all y € Y, we have (N > ¢)

| @ @) a
N

oo 2 oo
< [ |u® @[ dov2(lol? +0*m) [ 16 @) d
N N

So, from (2.5), we see that for a given € > 0 there exists a positive number N,
depending only on € such that

o0 2
/ ‘(Ty@)) (m)‘ dr < €%,
N

forall y € Y.

Thus T (Y) is a relatively compact in H, i.e., the operator T is completely
continuous. []

Theorem 4.3. Suppose that the conditions (A1), (A2) and (A3) are satisfied. In
addition, let there exist constants M > 0 such that

{/ac w (x)‘Qdm+7/coo ‘w@) (33)‘2(13:}1/2
(//|Gmtdmdt+7/ / xtdmdt>

fac ‘f(l) (t7y(1) (t)) f(l) (t ~( 1) ’ dt
X sup

vesu |4 L@ (6 y@ (1) — f@ (¢, 2P ( )‘ dt
<M,

1/2

where Sy = {y € H : |ly|| < M}. Then the boundary-value problem (1.1), (1.8),
(1.9) has at least one solution with

1@ o 1@ (o
/y (93)‘ dm+v/ ’y (93)’

dx < M2.
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Proof. Let us define an operator T': H — H by (2.10). From theorems 6, 9 and
(4.3), we conclude that T" maps the set Sy into itself. It is clear that the set Sy is
bounded, convex and closed. Using Theorem 8, the theorem follows. [
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FIXED-CIRCLE PROBLEM ON S-METRIC SPACES WITH A
GEOMETRIC VIEWPOINT

Nihal Y. Ozgiir and Nihal Tag

Abstract. Recently, a new geometric approach called the fixed-circle problem has
been introduced to fixed-point theory. The problem has been studied using different
techniques on metric spaces. In this paper, we consider the fixed-circle problem on
S-metric spaces. We investigate existence and uniqueness conditions for fixed circles
of self-mappings on an S-metric space. Some examples of self-mappings having fixed
circles are also given.

Keywords: fixed-circle problem; self-mapping; S-metric space.

1. Introduction

The existence and uniqueness theorems of fixed points of self-mappings satisfying
some contractive conditions have been extensively studied since the time of Stefan
Banach (see [1, 2]). Many authors have investigated new fixed-point theorems
on metric spaces or generalizations of metric spaces. For example, Sedghi, Shobe
and Aliouche obtained Banach’s contraction principle on S-metric spaces [12]. We
studied some generalizations of Banach’s contraction principle on an S-metric space
[8] and investigated new fixed-point theorems for the following contractive condition
(which is called Rhoades’ condition [11]) (see [6, 14]):

(825) S(Tx,Tx,Ty) < wmax{S(z,r,y),S(Tz,Tz,x),S(Ty,Ty,y),
S(Ty,Ty,z),S(Tx,Tx,y)},

for each z,y € X, © # y. We then gave the concept of diameter and obtained a
new contractive condition using this notion as follows [6]:

(S25a) STz, Tz, Ty) < diam{U, UU,},

for each z,y € X (x # y), where U, = {T"z : n € N}, U, = {T"y : n € N},
diam{U,} < oo and diam{U,} < co.
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Although the existence of fixed points of functions has been studied on various
metric spaces, there is no study on the existence of fixed circles. Therefore, the
fixed-circle problem arises naturally. There are some examples of functions with a
fixed circle on some special metric spaces. For example, let C be an S-metric space
with the S-metric

=t |w—t

S(Z’ w’ t) - f?

for all z,w,t € C. Let the mapping T be defined as

for all z € C\{0}. The mapping 7 fixes the unit circle C§'; = {z € X : S(z,z,0) = 1}.

Recently, Ozdemir, Iskender and Ozgﬁr used new types of activation functions
having a fixed circle for a complex valued neural network [5]. The usage of these
types activation functions leads us to guarantee the existence of fixed points of the
complex valued Hopfield neural network (see [5] for more details).

Hence it is important to investigate some fixed-circle theorems on various metric
spaces. In [9], we obtained some fixed-circle theorems on metric spaces. We studied
some existence theorems for fixed circles with a geometric interpretation and gave
necessary conditions for the uniqueness of fixed circles. Also, we provided some
examples of self-mappings with fixed circles. On the other hand, we proved new
fixed-circle results and applied the obtained results to the discontinuity problem
and discontinuous activation functions [10].

Motivated by the above studies, our aim in this paper is to obtain some fixed-
circle theorems for self-mappings on S-metric spaces. In Section 2., we recall some
necessary definitions, lemmas and basic facts. In Section 3., we introduce the notion
of a fixed circle on an S-metric space and then obtain some existence and uniqueness
theorems for self-mappings having fixed circles via different techniques. We investi-
gate the case in which the number of fixed circles is infinitely many. Some examples
of self-mappings with fixed circles are given with a geometric viewpoint. Using
Mathematica (Wolfram Research, Inc., Mathematica, Trial Version, Champaign, IL
(2016)), we draw some figures related to the given examples.

2. Preliminaries

Definition 2.1. [12] Let X be a nonempty set and S : X3 — [0,00) be a function
satisfying the following conditions for all z,y, z,a € X.

1. S(z,y,z) =0if and only if z = y = z,

2. 8(x,y,2) < S(w,x,0) + S(y,y,0) + S(z, 2, a).
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Then S is called an S-metric on X and the pair (X,S) is called an S-metric
space.

The following lemma can be considered as the symmetry condition and it will
be used in the proofs of some theorems.

Lemma 2.1. [12] Let (X, S) be an S-metric space. Then we have
S(z,z,y) = Sy, y, ).
The relationships between a metric and an S-metric was given in what follows.

Lemma 2.2. [4] Let (X,d) be a metric space. Then the following properties are
satisfied:

1. Si(z,y, z) = d(z, 2) + d(y, z) for all z,y,z € X is an S-metric on X .

2. x, = x in (X,d) if and only if x, — x in (X,Sq).

3. {xn} is Cauchy in (X,d) if and only if {x,} is Cauchy in (X,Sq).

4. (X,d) is complete if and only if (X,Sq) is complete.

The metric Sy was called an S-metric generated by d [7]. We know some exam-

ples of an S-metric which are not generated by any metric (see [4, 7, 14] for more
details).

On the other hand, Gupta claimed that every S-metric on X defines a metric
ds on X as follows:

(21) ds(fL’,y) ZS(m7m7y)+S(y,y7m)7

for all z,y € X [3]. However, the function ds(z,y) defined in (2.1) does not always
define a metric because the triangle inequality is not satisfied for all elements of X
everywhere (see [7] for more details).

The notions of an open ball, a closed ball and diameter were introduced on
S-metric spaces as the following definitions.

Definition 2.2. [12] Let (X,S) be an S-metric space. The open ball Bg(zo,r)
and closed ball Bglzg,r] with a center zy and a radius r are defined by

Bs(zg,r) ={z € X : S(x,z,20) <7}
and
Bglzo,r] ={z € X : S(x,x,20) <71},

for r >0 and zg € X.
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Definition 2.3. [6] Let (X, S) be an S-metric space and A be a nonempty subset
of X. The diameter of A is defined by

diam{A} = sup{S(z,z,y) : z,y € A}.

If A is S-bounded, then we will write diam{A} < oc.
Now we define the notion of a circle on an S-metric space.

Definition 2.4. Let (X,S) be an S-metric space and zy € X, r € (0,00). We
define the circle centered at xy with the radius r as

C5 ={reX: Sz x)=r)

To,T
3. Some Fixed-Circle Theorems on S-Metric Spaces

In this section, we introduce the notion of a fixed circle on an S-metric space.
Then we investigate some existence and uniqueness theorems for self-mappings hav-
ing fixed circles.

Definition 3.1. Let (X,S) be an S-metric space, C2 . be a circle on X and

Zo,T
T : X — X be a self-mapping. If Tz = x for all z € Cj , then the circle C2 . is
said to be a fixed circle of T'.

3.1. The existence of fixed circles
We obtain some existence theorems for fixed circles of self-mappings.

Theorem 3.1. Let (X,S) be an S-metric space and sto,r be any circle on X. Let
us define the mapping

(3.1) p: X = [0,00),p(x) = S(x,x, z0),

for all x € X. If there exists a self-mapping T : X — X satisfying

(3.2) S(x,z,Tx) < p(x) + p(Tx) — 2r
and
(3.3) S(x,x,Tx) + S(Tx, Tx,xg) <,

for all x € Crfo,rf then Cfom is a fized circle of T'.
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Proof. Let x € C% .. Then using the conditions (3.2), (3.3), Lemma 2.1 and the

triangle inequality, we get

S(zyz,Tx) < @(z)+o(Tx) —2r
= S(z,z,x0) +S(Tx,Tx,x0) — 2r
< S(x,z,Tx)+ S(z,z,Tx) + S(Tx, Tx,x0) + S(Tx, T, 20) — 21°
= 28(z,x,Tx) +28(Tx, Tx,x0) — 2r
< 2r—2r=0
and so
S(z,z,Tx) =0,

which implies Tx = z. Consequently, Crfom is a fixed circle of T. O

Remark 3.1. 1) Notice that the condition (3.2) guarantees that T'x is not in the interior
of the circle C’foy,. for x € C’foy,.. Similarly, the condition (3.3) guarantees that Tz is not
the exterior of the circle Cfoy,. for z € Cfoy,.. Hence Tx € Cfoy,. for each x € Cfoy,. and so
we get T(CfO,T) C CfO,T.

2) If an S-metric is generated by any metric d, then Theorem 3.1 can be used on the
corresponding metric space.

3) The converse statement of Theorem 3.1 is also true.
Now we give an example of a self-mapping with a fixed circle.

Example 3.1. Let X = R and the function S : X® — [0, c0) be defined by
S({E,y,Z) = |'T - Z| + ‘y - Z|7

for all z,y,z € R [13]. Then (X,S) is called the usual S-metric space. This S-metric
is generated by the usual metric on R. Let us consider the circle C(i 5 and define the
self-mapping 71 : R — R as

Tw:{ z if we{-1,1}

10 otherwise ’

for all z € R. Then the self-mapping 71 satisfies the conditions (3.2) and (3.3). Hence
C’&z ={-1,1} is a fixed circle of T1.
Notice that C§ 11 = 1—1,10} is another fixed circle of T1 and so the fixed circle is not
5
unique for a giving self-mapping.
On the other hand, if we consider the usual metric d on R then we obtain Cpo =
{—=2,2}. The circle Cy,2 is not a fixed circle of T;.

Example 3.2. Let X = R? and let the function S : X* — [0, 00) be defined by

2
S(@,y,2) =Y (Jwi — zil + i + 2 — 2ui])

i=1
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for all = (z1,22), y = (y1,y2) and z = (z1, 22). Then it can be easily seen that S is an
S-metric on R?, which is not generated by any metric, and the pair (Rz,S) is an S-metric
space.

Let us consider the unit circle C(f 1 and define the self-mapping 75 : R — R as

Toz = { (1,0) otherwise

for all z € R2%. Then the self-mapping 7% satisfies the conditions (3.2) and (3.3). Therefore
C’(i 1 is a fixed circle of T5 as shown in Figure 3.1.

T

—10F -10r

F1aG. 3.1: The fixed circle of T5.

In the following example, we give an example of a self-mapping which satisfies
the condition (3.2) and does not satisfy the condition (3.3).

Example 3.3. Let X =R and the function S : X® — [0, c0) be defined by
S(‘T7y7z) = |{E—Z| + “T+Z_2y|7

for all z,y,z € R [7]. Then S is an S-metric which is not generated by any metric and
(X,S) is an S-metric space. Let us consider the circle C()S::g and define the self-mapping
T3 :R — R as

7 _ 3
—75 if T = 2
Tsx = 5 if T =3 ,
7 otherwise
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for all z € R. Then the self-mapping T3 satisfies the condition (3.2) but does not satisfy
the condition (3.3). Clearly T3 does not fix the circle Cf 5.

In the following example, we give an example of a self-mapping which satisfies
the condition (3.3) and does not satisfy the condition (3.2).

Example 3.4. Let (X,S) be an S-metric space, Cfoy,. be a circle on X and the self-
mapping T4 : X — X be defined as

Tix = xo0,

for all z € X. Then the self-mapping T4 satisfies the condition (3.3) but does not satisfy
the condition (3.2). Clearly T4 does not fix the circle C’foy,..

Now we give another existence theorem for fixed circles.

Theorem 3.2. Let (X,S) be an S-metric space and C’fmr be any circle on X.

Let the mapping ¢ be defined as (3.1). If there exists a self-mapping T : X — X
satisfying

(3.4) S(@,2,Tz) < p(x) — p(Tx)

and

(3.5) hS(z,z,Tx) + S(Tx,Tx,x0) >,

Jor all x € C3 . and some h € [0,1), then C% | is a fived circle of T.

Proof. Let © € C’fw. On the contrary, assume that x # Tz. Then using the

conditions (3.4) and (3.5), we obtain

S(z,z,Tz) < ¢(x) —p(Tx)

= S(z,z,x0) — STz, Tz, xz0)

= r—8Tz,Tz,x0)
hS(x,z,Tz) + S(Tx, Tx,x9) — S(Tx, Tx,x0)
= hS(z,z,Tx),

IN

which is a contradiction since h € [0,1). Hence we get Tz = = and Cfow is a fixed
circleof T. O

Remark 3.2. 1) Notice that the condition (3.4) guarantees that T’z is not in the exterior
of the circle C’fw. for z € C’foy,.. Similarly, the condition (3.5) shows that Tz can lie on
either the exterior or the interior of the circle Cfo,r for x € CfO,T. Hence Tz should lie on
the interior of the circle C’foy,..

2) If an S-metric is generated by any metric d, then Theorem 3.2 can be used on the
corresponding metric space.

3) The converse statement of Theorem 3.2 is also true.

Now we give some examples of self-mappings which have a fixed-circle.
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F1G. 3.2: The fixed circle of Tg.

Example 3.5. Let X =R and (X,S) be the usual S-metric space. Let us consider the
circle C7 5 = {0,2} and define the self-mapping 75 : R — R as
e —1 if z=0
Tsx = 2r —2 if r=2 ,
3 otherwise

for all z € R. Then the self-mapping T5 satisfies the conditions (3.4) and (3.5). Hence
Ci 5 is a fixed circle of Ts.

On the other hand, if we consider the usual metric d on R then we have C1,» = {—1, 3}.
The circle C1 2 is not a fixed circle of T5. But C1,1 = {0, 2} is a fixed circle of T5 on (X, d).

Example 3.6. Let X = R? and let the function S : X* — [0, 00) be defined by

2
Slz,y,2) =Y (e — ™| +[e™ + e —2e¥),

i=1
for all x = (z1,22), y = (y1,y2) and z = (z1,22). Then it can be easily checked that S
is an S-metric on R?, which is not generated by any metric, and the pair (RQ,S) is an
S-metric space.
Let us consider the circle Cfo,r centered at zo = (0, 0) with the radius » = 2 and define
the self-mapping 75 : R — R as

6 (In2,0) otherwise



Fixed-Circle Problem 467

for all 2 € R, Then the self-mapping Ts satisfies the conditions (3.4) and (3.5). Therefore
C’(i 2 is the fixed circle of Ts as shown in Figure 3.2.

In the following example, we give an example of a self-mapping which satisfies
the condition (3.4) and does not satisfy the condition (3.5).

Example 3.7. Let (X,S) be an S-metric space and wa. be a circle on X. If we consider
the self-mapping Tyx = zo, then the self-mapping T satisfies the condition (3.4) but does
not satisfy the condition (3.5). It can be easily seen that T4 does not fix a circle Cfow.

In the following example, we give an example of a self-mapping which satisfies
the condition (3.5) and does not satisfy the condition (3.4).

Example 3.8. Let X =R and (X,S) be an S-metric space with an S-metric defined as
in Example 3.3. Let us consider the unit circle C(fl and define the self-mapping 77 : R — R
as

Trx = 1,

for all z € R. Then the self-mapping T+ satisfies the condition (3.5) but does not satisfy
the condition (3.4). It can be easily shown that 7% does not fix the unit circle C(;S,l.

Let Ix : X — X be the identity map defined as Ix(x) = z for all z € X. Notice
that the identity map satisfies the conditions (3.2) and (3.3) (resp. (3.4) and (3.5))
in Theorem 3.1 (resp. Theorem 3.2) for any circle. Now we determine a condition
which excludes the Ix from Theorem 3.1 and Theorem 3.2. For this purpose, we
give the following theorem.

Theorem 3.3. Let (X,S) be an S-metric space, T : X — X be a self mapping
having a fized circle C3. . and the mapping o be defined as (3.1). The self-mapping

To,T
T satisfies the condition

p(x) — p(T'r)
h )
for all x € X and some h > 2 if and only if T = Ix.

(Is) S(z,z,Tx) <

Proof. Let z € X be an arbitrary element. Then using the inequality (Is), Lemma
2.1 and triangle inequality, we obtain

hS(z,z,Tz) < ¢(x) —o(Tx)

= S(z,z,x0) — S(Tx,Tx,x0)
28(x,x, Tx) + S(Tx, Tx,x0) — S(Tx, Tz, x0)
28(z,x,Tx)

IN

and so

(h —2)S(z,x,Tx) <0.
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Since h > 2 it should be S(z,z,Tz) = 0 and so Tz = z. Consequently, we obtain
T=1Ix.

Conversely, it is clear that the identity map Ix satisfies the condition (Ig). O

Remark 3.3. 1) If a self-mapping 7', which has a fixed circle, satisfies the conditions
(3.2) and (3.3) (resp. (3.4) and (3.5)) in Theorem 3.1 (resp. Theorem 3.2) but does not
satisfy the condition (Is) in Theorem 3.3 then the self-mapping T cannot be an identity
map.

2) If an S-metric is generated by any metric d, then Theorem 3.3 can be used on the
corresponding metric space.

3.2. The uniqueness of fixed circles

We investigate the uniqueness conditions of fixed circles given in the existence
theorems. For any given circles Cfsoﬂ’ and C’fh , on X, we notice that there exists
at least one self-mapping T' of X such that T fixes the circles C5 ., C? . Indeed

let us define the mappings @1, @2 : X — [0,00) as zo, ) aL,p
p1(z) = S(z,z,70)

and
pa(z) = S(z, 2, 11),

for all x € X. If we define the self-mapping Tg : X — X as

wo,r = Yx1,p
otherwise

; s s
Tgas:{m if zelC; UC ’
for all x € X, where « is a constant satisfying S(a, a, zg) # r and S(a, o, 1) # p,
it can be easily seen that the self-mapping Tg : X — X satisfies the conditions (3.2)
and (3.3) in Theorem 3.1 (resp. (3.4) and (3.5) in Theorem 3.2) for the circles Cfom
and C’fh , using the mappings ¢ and (2, respectively. Hence Ty fixes both of the
circles CfO)T and C’fh o- In this way, the number of fixed circles can be extended to
any positive integer n using the same arguments.

In the following example, the self-mapping Ty has two fixed circle.

Example 3.9. Let X =R and (X, S) be an S-metric space with the S-metric defined in
Example 3.3. Let us consider the circles C(;S,Q, CﬁgA and define the self-mapping 7o : R — R
as

)

Tox — x if 1:6{—2,—.1,1,2}
a otherwise

for all z € X where a € X. Then the conditions (3.2) and (3.3) are satisfied by Ty for the
circles C’{i o and C(f 4, respectively. Consequently, C(f > and C’{i 4 are the fixed circles of Ty.
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Now we investigate the uniqueness conditions for the fixed circles in Theorem
3.1 using Rhoades’ contractive condition on S-metric spaces.

Theorem 3.4. Let (X,S) be an S-metric space and CfO)T be any circle on X. Let

T : X — X be a self-mapping satisfying the conditions (3.2) and (3.3) given in
Theorem 3.1. If the contractive condition

STz, Tz, Ty) < max{S(x,z,y),S(Tz,Tx,x),S(Ty, Ty, y),

(36) S(Ty7Ty7x)73(T$7Tﬂfvy)}7

is satisfied for all x € Cfmr, ye X\ C’fo)T by T, then C’fo)T is a unique fized circle
of T.

Proof. Suppose that there exist two fixed circles C> and C?  of the self-mapping

T, that is, T satisfies the conditions (3.2) and (3.3:3”0%:)1" each :f:li;/z;les Cy, ., and Cfl)p.
Let z € C’fow and y € C’fhp be arbitrary points with = # y. Using the contractive
condition (3.6), we obtain
S(z,z,y) = STz, Tx,Ty) < max{S(z,z,y),STx,Tx,x),S(Ty,Ty,y),
STy, Ty,z),S(Tx, Tx,y)}
= S(z,z,y),

which is a contradiction. Hence it should be z = y. Consequently, C’fw is the
unique fixed circle of T. O

The following example shows that the circle C2 . is not necessarily unique in
Theorem 3.2.

Example 3.10. Let (X,S) be an S-metric space and Cy, ry, -+, C

vn,rn D€ any circles
on X. Let us define the self-mapping Ti0 : X — X as

Tiox = { v if we iL:Jl Coims ,
) otherwise
for all z € X, where z¢ is a constant in X. Then it can be easily checked that the
conditions (3.4) and (3.5) are satisfied by T for the circles Czy vy, -+, Caporp, respectively.
Consequently, the circles Cy, vy, -+, Cz,,,r, are fixed circles of T19. Notice that these circles
do not have to be disjoint.

Now we give the following uniqueness theorem for the fixed circles in Theorem
3.2 using the notion of diameter on S-metric spaces.

Theorem 3.5. Let (X,S) be an S-metric space, C2 . be any circle on X, U, =

Zo,T

{IT"z :n € N}, Uy, = {T"y : n € N}, diam{U,} < oo and diam{U,} < co. Let
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T : X — X be a self-mapping satisfying the conditions (3.4) and (8.5) given in
Theorem 3.2. If the contractive condition

(3.7) STz, Tz, Ty) < diam{U, U Uy},
is satisfied for all x € C’fom, y € X\C’fom by T, then Crfo,r is the unique fized circle
of T.

Proof. Assume that there exist two fixed circles C’fo)T and C’fh , of the self-mapping

T, that is, T satisfies the conditions (3.4) and (3.5) for each circles C5 . and C%

Zo,T T1,p°

Let z € C5 and y € C2 _ be arbitrary points with 2 # y. Using the contractive

Zo,T Z1,p
condition (3.7), we obtain

S(z,z,y) = STz, Tz, Ty) < diam{U, UU,} = S(z, z,y),

which is a contradiction. Hence it should be z = y. Consequently, C’fw is the
unique fixed circle of T. [

3.3. Infinity of fixed circles

We give a new approach to obtain fixed-circle results. To do this, let us denote
by Rs(x,y) the right side of the inequality (525). Using the number Rg(z,y), we
obtain the following theorem. This theorem generates many (finite or infinite) fixed
circles for a given self-mapping.

Theorem 3.6. Let (X,S) be an S-metric space, T : X — X be a self-mapping
and r =inf {S(Tz, Tz, x) : Tax # x}. If there exists a point xog € X satisfying

(3.8) S(z,x,Tx) < Rg(x, o)
for all x € X when S(Tx,Txz,x) >0 and
(3.9) STz, Tx,z0) =1

for allz € C5 ., then C3  is a fized circle of T. The self-mapping T also fizes the

To,T? zo,T

closed ball Bs|xo,T].

Proof. Let x € sto,r and Tz # z. Then using the inequality (3.8) and Lemma 2.1,
we get
S(z,z,Tz) < Rs(x, x0)
(3.10) _ max{ S(z,z,20),S(Tx, Tz, x),S(Txo, Txo, x0), }
- S(Txo, Txo,x),S(Tx, Tx,x0) ’
At first, using the inequality (3.10) and Lemma 2.1, we show Txy = zo. Suppose
that T'xg # xg. For x = zy, we obtain

S(l’ml‘o,Tﬂ;‘o) < Rs(zg,x0)

— max 8(1'07270,.’1}0),S(Tﬂ?o,Tﬂ?o,.’L’O),S(TﬂTO,Tﬂ?O,.’I}O),
- S(T:Eo,TZE(),QL‘Q),S(TI‘Q,T.I(),I‘Q)

S(Tl‘o,Tl‘o,:Eo) = S(:Eo,.Io,Tl‘o),
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a contradiction. It should be Txg = x¢. Then by the inequality (3.10), the condition
(3.9), definition of r and Lemma 2.1, we have

S(x,z,x0),S(Tx, Tz, x),S(x0, To, x0),
S(LII(),QL'(),.'E),S(TI',T(E,LE())
= max{r,STz,Tz,z)} =STz,Tz,z) =S(x,z,Tx),

S(z,z,Tx) < max{

a contradiction. Therefore we get T'x = x, that is, C’fow is a fixed circle of 7.

Finally we prove that T fixes the closed ball Bg[zg,r]. To do this, we show that
T fixes any circle C5.  with p < r. Let x € CJ  and Tx # x. From the similar

To,p To,p
arguments used in the above, we have Tx = z. O

We give the following example.

Example 3.11. Let X = R be the usual S-metric space. Let us define the self-mapping

T:R—Ras
_ x if x| <3
Tm_{x+2 if x| >3

for all x € R. The self-mapping T satisfies the conditions of Theorem 3.6 with zo = 0.
Indeed, we get

S(z,z,Tx)=2|r —Tz|=4>0,
for all x € R such that |z| > 3. Then we have

Rs(z,0) = max{S(z,z,0),8(Tz,Tz,z),5(0,0,0),5(0,0,2),S(Tz,Tz,0)}
= max{2]z|,4,0,2|z|,2 |z + 2|}
= max{2]z|,2|z+ 2|}
and so

S(z,z,Tz) < Rs(z,0).
Therefore the condition (3.8) is satisfied. We also obtain
r=min{STz,Tz,x): Tx #z} =4.
It can be easily seen that the condition (3.9) is satisfied by T'. Consequently, T fixes the
circle O, = {x € R : |z| = 2} and the closed ball Bs[0,4] = {z € R : |z| < 2}.
Remark 3.4. 1) Notice that the condition (3.9) guarantees that Tz € C5, , for each
T € Cfo,r and so T(Cfow) C Cfow.

2) The self-mapping T" defined in Example 3.11 has other fixed circles. Theorem 3.6
gives us some of these circles.

3) A self-mapping T can fix infinitely many circles (see Example 3.11).
The converse statement is not always true as seen in the following example.

Example 3.12. Let zo € X be any point. If we define the self-mapping T': X — X as

ORI B if x € Bs[zo,
zo if x¢ Bs[zo,py
for all z € X with u > 0, then T does not satisfies the condition (3.8), but T fixes every
circle Cfoyp with p < p.
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Abstract. In this study, we describe the classical Bernoulli-Euler elastic curve in a
manifold by the property that the velocity vector field of the curve is harmonic. Then,
a condition is obtained for the elastic curve in a manifold. Finally, we give an example
which provides the condition mentioned in this paper and illustrate it with a figure.
Keywords: Energy; energy of a unit vector field; elastic curve.

1. Introduction

The history of the elastica or the elastic curve is very old and many researchers
have worked on this issue, for example [6, 11]. One can study a bent thin rod
and consider the energy it stores. The classical Euler-Bernoulli model assigns a
numerical value to this energy, which is proportional to fos k2 (u)du. The elastica is
the critical point for this total squared curvature functional on regular curves with
given boundary conditions [8].

In [1] the author calculated the energy of the Frenet vector fields in R™, showing
that the energy of the velocity vector field was E(Vi(s)) = & [ k% (u)du. By means
of this result, we have seen that the speed vector field of the Bernoulli-Euler elastic
curve is harmonic.

In this paper, using the above result, we give a condition for elastica on a manifold.

Definition 1.1. Let (M, g) be a Riemann manifold and « : I — M, be a unit speed
curve.

If {E;}!_, is an orthonormal frame along a and

do
ds’
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Vzi Ey = ki Es,
V’;gEz =—kiBi 1+ kE, Yi=2,..,r—1
V%Er = —kp_1Er_1,
where k1, ..., k._1 are positive functions with a real value on I, then « is said to be

an r-th order Frenet curve. These functions are called the curvature functions of
the curve a.

Proposition 1.1. The connection map K : T(T*M) — T1M verifies the following
conditions.

1) moK = modn and moK = mow , where 7 : T(T*M) — T'M is the tangent
bundle projection.

2) For weT, M and a section & : M — T M, we have

K(d€(w)) = Vg

where T1 M is the unit tangent bundle and V is the Levi-Civita covariant derivative
3].

Definition 1.2. For ny,m:€T¢(T' M), we define

(1.1) gs(n,m2) =< dm(m),dr(n2) > + < K(m), K(n2) >

This gives a Riemannian metric on tangent bundle 7M. As mentioned, gs is called
the Sasaki metric. The metric g, makes the projection 7 : T*M — M a Riemannian
submersion [3, 10].

Definition 1.3. Let f : (M,<,>) — (N,h) be a differentiable map between
Riemannian manifolds. The energy of f is given by

(1.2) £) =3 | OCh@(en).dre)n

a=1

where v is the canonical volume form in M and {e,} is a local basis of the tangent
space (see [12, 4], for example).

By a (smooth) variation of f we mean a smooth map f: M x (—¢,e) = N, (z,t) —
fi(z) (e > 0) such that fo = f. We can think of { f;} as a family of smooth mappings
which depend ’smoothly’ on a parameter ¢ € (—e¢, €).

Definition 1.4. A smooth map f : (M, g) — (N, h) is said to be harmonic if

d
Eg(fﬁD)‘t:O =0

where E(f; D) = 3 [,(3°0_, h(df (ea), df (ea))vg, for all compact domains D and all
smooth varlatlons fi of f supported in D, [2].
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Definition 1.5. Let « : [a,b] — R™ be a regular curve. Elastica is defined for the
curve « over the each point on a fixed interval [a, b] as a minimizer of the bending
energy:

b
(1.3) Ep = %/ k3 (s)ds,

with some boundary conditions [5, 7].

The right side of Equation (1.3) is the energy of the velocity vector field according
to [1]. By combining this resultant with the definition 1.4 we can give the following
definition

2. Elastica in a Manifold

Definition 2.1. A curve on a manifold is called a classical Bernoulli-Euler elastic

curve if the velocity vector field of the curve is harmonic.

Theorem 2.1. Let M be a Riemann manifold, « be r-th order Frenet curve in M
and a(a) =p, a(b) = q. If a is classical elastic curve, then the following equation
is satisfied,

b
(2.1) / A(s)ka (5K, (s)ds = 0
where k; is the 1*" curvature function and X is the real-valued function on [a, b].

Proof . Let o : I — M be the r-th order Frenet curve C' on ¢(U) C M and
a=poy, v= (T, Ym)Y: I > U C R™p:U — M. Let ({E;}I_;) be the
Frenet frame field on a.

We define the A and v; functions to create a curve family between two fixed points
on the manifold. The functions are: A : [a,0] C I — R, A(s) = (s — a)(b — s),
Aa) =0, A(b) =0 and A\(s) #0 for all s € (a,b), of class C? and

A(s) Eq(s) = (v1(8),v2(8), ..oy Un(8)). v;: [a,b] = R.

Since {¢1(7(8)), -..; om(7(s))} is a local basis of the tangent space, where @1, ..., o
are first-order partial derivatives, we have

(2.2) A(8)E1(s) = Z% vi(s)pi(v(s)); where v; : [a,b] — R.
Let the collection of the curve be

(2:3) a'(s) = (1) +tv1(5), s Y () + tom(5)),
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fort =0, a'(s)=a(s) and
(9™ 0 a)(5) = 1(5) = (1(5) + 01(5), o V() + Em ().

From (2.2) we get A(a)E1(a) = 7 v;(a)ei(v(a)). Since A(a) = 0 we have v;(a) =0
and

7' (@) = (n(a) + tvi(a), ... ym(a) + tvm(a) = (y1(a), ... ym(a)) = ¥(a).

Similarly, we get v*(b) = v(b). Using these results in (2.3) we obtain
a(a) = (po7)(a) = ala) = p and o' (b) = (¢ 0 7")(b) = a(b) = q.
These results show that a! is a curve segment from p to g on M. Take this collection

at(s) = a(s,t) for all curves. The expression for the energy of the velocity vector
field By, of o from p to q on M becomes E(E1,).

Let T'C; be the tangent bundle. So we have Ei, : C¢ — TCy, where TCy =
UjerTur(;yCt, Cr = (1) and Toe(;yCy is the straight line through the point of(j)
in the Fj, direction. Let 7 : T'Cy — C} be the bundle projection. By using Equation
(1.2) we calculate the energy of Fy, as

1 b
(2.4) E(EL,) = 5/ gs(dEn, (Ey, (als, b)), dEy, (B, (a(s,t)))ds

where ds is the element arc length. From (1.1) we have

gs(dEr, (Bv,), dEy, (Er,)) =< dr(dEy, (Er,)), dr(dEr, (Er,)) >
+ < K(dElt(Elt))vK(dElt(Elt)) > .

Since Fj, is a section, we have d(w)od(F1,) = d(woFE,,) = d(id¢,) = idrc,. By
Proposition 1.1, we also have that

1)
K(dEy,(Ev,)) = Vg, B, = By, = aslt’

giving ) /
gs(dElt (Elt)7dE1t (Elt)) =< Elt’Elt >4+ < E1t7E1t >
Using these results in (2.4) we get

1 /0 I
(2.5) E(Elt) = 5/ (< E1t7E1t >+ < E1t7E1t >)d8

By Definition 1.4, if F,, is a harmonic, then ¢ =0 should be the critical point of

E(FE1,). Supposing that %u:o =0, from (2.5) we obtain:

0E(Ey,) 0.1 ’ ' E
O0FE,, OFEq,
0s = 0Os

1. ("o
25[ a[(<E1“E1t>+< >|ds.
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Since < Ey,, By, >=1 we have % < F1,,E1, >=0 and we get

0E(Ey,) 1 /b 0 OE,, OF, B /b 9%E,, OF;,
RO =5 %~ a5 ") <ot a5 "

We can write
2 < 0F,, OFEn, _— 0*E,, O0F, .4 0F,, 0°F;,
0s ot ' 0s ~  0s0t’ Os ot = 0s?
Thus, we can deduce,

O*Ey, OB\, __ 0 _0E), 0F, 0FE,, 0%E,

sdt’ Bs ~ 0s - ot ds ot 05
Substituting (2.7) in (2.6), for, ¢t = 0, we have

2.7)

0E(Ey,) /b o  OE, OF,, 0By, %E,,
o J, 15 < o 0Ty (00> = < (e, 0), T (s, 0) Hlds

and

0E(E,) __0E, OE, b
(28) 8t |t:0 - < 8t (Sa0)7 aS (570) >‘a

b 2
OE, 82E,,
_/a < S5 (5,0), S5 5 (5,0) > ds.
From (2.2) and (2.3), we obtain,
(2.9) %—?(s,t) = A(s)E1, ().
and
80[ ’

(2.10) %(s,t)hzo =a (s) = E1(s).

Now we calculate the partial derivatives of (2.10) with respect to s and t; using
Frenet formulas, we get

8E1t 820[ " ’

(211 Z(s) = (b, = (s) = Eils) = k() Ea(s)

and

0Eq, 0% 0«

ot 1) = 5551 D) = 5ig5

s, t).

From (2.9), we have

OB, _0E,

(2.12) 5 (8,)),_0 = 5

(5,0) = X (8)E1(s) + A(s)k1(s)Ea(s).
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It follows from (2.11) and (2.12) that

OFEs, OFEq, B 9
< T (s,0), s (s,0) >= A(s)ki(s).
Considering the candidate function A(a) = A(b) = 0, we get:
(2.13) < agt“ (s,0), aaEslt (5,0) >[2= A(b)k2(b) — A(a)k?(a) = 0.

From (2.11), we get
0’E;,
0s?
Therefore, (2.12) and (2.14) gives

(2.14) (5,0) = —k?(s)E1(s) + k;(S)EQ(S) + k1(s)ka(s)Es(s)

O,
(215) < —(s.0),

02E,

5o (5:0) >= [=MSKF ()] + BA(s)ka (5)ky (5)

Substituting (2.13) and (2.15) in (2.8) yields

b
ag(afh) =0 ‘/a ([=A(8)k7 (5)] + BA(5)k1(5)ky (5))ds =0
and
b
86(@?1,) = A(s)E2(s)] |° —3/a ()1 (s)ky (s)ds = 0

We are looking the candidate function A(a) = A(b) =0,
which given [A(s)k?(s)] |2= 0 and

OE(E b )
OEL) —3/ A(s)k1 (8)ky (s)ds = 0
ot |t=0 o
This completes the proof of the theorem. |

Example 1. Let ¢ : R? — R3, 0 = (2,9, $2y), o(R?*) = M and a(s) = (3s, s%,5%).
If we can choose \ : [-10,10] — R, A(s) = 10? — 52 then A(—10) = 0X(10) = 0 and
A(s) £ 0 for all s € (—10,10). We calculate

6vst+9s2+1
(V9st + 452+ 9)3’

kl(s) =

3
K(s) = 6 %(\/954 + 452 +9)3 — 3v/s% + 952 + 1(v/9s1 + 452 4 9)?(355° + 8s)
! (9s* + 452 4 9)3 ’



Classical Bernoulli-Euler Elastic Curve in a Manifold

Fia. 2.1:

and

0E(Ty,) B _/10 . / )
Ok k=0 _10(10 87)k1(s)ky(s)ds = 0.

Thus « is an elastica on M, Figure 2.1.
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Conclusion. In this paper, we have determined the classical Bernoulli-Euler elastic
curve that is the harmonic of the velocity vector field of the curve on a manifold.
We have obtained the collection of curves passing through p and q points using A
and v; functions on the manifold. We have also proposed a novel condition to be
the classical Bernoulli-Euler elastic curve in the collection of curves. In the end, we
have given an example of the elastic curve satisfying the novel condition on a two-
dimensional manifold and shown the graphs of both the manifold and the elastic

curve.
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Abstract. Let G be a group and S be an inverse-closed subset of G which does not
contain the identity element of G. The Cayley graph of G with respect to S, Cay(G, S),
is a graph with the vertex set G and the edge set {{g,s9} | ¢ € G,s € S}. In this
paper, we compute the number of walks of any length between two arbitrary vertices of
Cay(G, S) in terms of complex irreducible representations of G. Using our main result,
we give exact formulas for the number of walks of any length between two vertices
in complete graphs, cycles, complete bipartite graphs, Hamming graphs and complete
transposition graphs.

Keywords: Cayley graph; Hamming graphs; complete transposition graphs.

1. Introduction

Let G be a finite group and S be an inverse-closed subset of G not containing the
identity element of G. The Cayley graph on G with respect to S, Cay(G, S), is a
graph with the vertex set G and the edge set {{g,sg} | g € G,s € S}. Cay(G, S) is
an undirected loop-free regular graph of valency |S|. Many famous regular graphs
can be represented as Cayley graphs. For example, cycles, complete graphs, Ham-
ming graphs and complete transposition graphs are Cayley graphs. Some chemical
graphs are Cayley graphs as well. For instance, the Buckyball, a soccer ball like
molecule which consists of 60 carbon atoms, is a Cayley graph on the alternating
group As on 5 symbols with the connection set {(12345), (54321), (12)(23)} [5, p-
209]. Also, the honeycomb toroidal graph is a Cayley graph on a generalized di-
hedral group [1, Theorem 3.4]. Since Cayley graphs possess many properties such
as low degree, low diameter, symmetry, low congestion, high connectivity, high
fault tolerance, and efficient routing algorithms, in the past several years there has
been a spurt of research on using Cayley graphs in constructions of interconnection
networks. For more details see [7].

A walk of length r from vertex x to vertex y in a graph I' is a sequence of
vertices (vg,v1,...,v,) such that vg = x, v, = y and v;_1 is adjacent to v; for all
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1 <i<r. If x =y then the walk is called a closed walk of length r at vertex =x.
The number of walks in a graph is often necessary in, for instance, network analysis,
epidemiology (requiring slow diffusion of viruses) and network design (aiming for
fast data propagation) [3]. Also walks in molecular graphs and their counts for a
long time have found applications in theoretical chemistry [6]. Furthermore, using
counting closed walks, many non-Cayley vertex-transitive graphs are constructed
[10, 11, 12, 13]. So it seems that computing the number of walks in Cayley graphs is
important in graph theory. In this paper, we give an exact formula for the number
of walks of any length between two vertices of a Cayley graph on a group G in
terms of irreducible representations of G. For the representation group’s theoretic
and graph theoretic terminology not defined here, we refer the reader to [9] and [5],
respectively.

2. Main Results

Let G be a finite group and C[G] be the complex vector space of dimension |G|
with basis {e4 | ¢ € G}. We identify C[G] with the vector space of all complex-
valued functions on G. Thus a function ¢ : G — C corresponds to the vector
= deG ©(g)ey and vice versa. In particular, the vector ey, where g € G, of the
standard basis corresponds to the function ey, where

eg(h):{ (1) Z;i

Let A = [agzy)zyec be the adjacency matrix of I' = Cay(G, S), S = S~! C
G\ {1}, where

S 1 zytes
YT 0 ayte S

Then viewing A as a linear map on C[G], we have

(2.1) Ae, = Z Oy wly = Z ey = 265“’

yeG yeG,yz—1es s€S

Let w,(T';x,y) be the number of walks of length & from the vertex x to the
vertex y in a graph I'. We denote this by w,(z,y) when there is no ambiguity.
Recall that for a graph T with adjacency matrix A, w,(T;x,y) is the zy-entry of A"
[5, Lemma 8.1.2]. In particular, w.(I') := >_, oy p) wr(I'; 2, z), the total number of
closed walks of length r, is the trace of A which is equal to the sum of rth powers of
the adjacency eigenvalues of T' [5, p. 165]. Let us start with an important lemma:

Lemma 2.1. Let A be the adjacency matriz of ' = Cay(G, S). Then

ATe, = Z wr(z,y)ey.

yeG
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Proof. We use induction on r. Since by (2.1), Ae, = > g €se, and

1 yztes
W1(-T7y) = { 0 zl'_l gé S

the induction holds for » = 1. Now let » > 2 and the result hold for r — 1. Since
there exists a walk of length r from z to y if and only if there exists a walk of length
r —1 of x to z where yz~! € S, we have

(2.2) wr(z,y) = ZwT_l(m,s_ly).

seS
Now we have
ATe, = A(A"le,)
= A( Z wr—1(z, y)ey> (by induction hypothesis)
yeG

= Z Wr—l(x7y)Aey
yeG

= Z wr—1(z,y) ( Zesy) (by (2.1))
yeG ses

= Z Zw’”—l(m’ s '2)e.
z€G seS

= S, (by (22)
zeG

which completes the proof. O

Lemma 2.2. Let A be the adjacency matriz of ' = Cay(G, S). Then

r — E
A e:v - eSy-Syvf]...SlaZ'

81,...,8-ES

Proof.  We prove the result by induction. By 2.1, we have Ae, = > g e€s
which proves the result for » = 1. Let r > 2 and the result holds for » — 1. Then

ATe, = A(A"le,)
= A( Z esrflsrd,,,Sw) (by induction hypothesis)

- Z Z €sp(sp1..mz) (DY (2.1))

S1y.-,8r—1ES s,€S

- § €5,87_1...81%>

81,.-+,8r€S
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which completes the proof. O

Let Irr(G) = {p1, ..., pm } be the set of all irreducible inequivalent C-representations
of G. Let dj, and o be the degree and a unitary matrix representation of py,
k = 1,...,m, respectively. We keep these notations throughout the paper. In
the following lemma, which seems to be well-known, the authors constructed an
orthogonal basis for C[G] using the matrix representations o(¥), 1 < k < m.

Lemma 2.3. ([2, Lemma 1]) Let g(-;-c) (9) be the ijth entry of 0% (g), 1 <i,j < dy,

and @(‘;‘C) = deG gz(-f) (9)eg. Then

(1) {Q”) |1<k<m,1<i,j<dg} form an orthogonal basis for C|G],

(1) preg(y )g” Zz 1 Qh ( )gl(f), forallge Gand1<i,j<dg, 1<k<m,
where preg is the left reqular representation of G,

(iti) CIG] = @, @, W, where W = (ol | 1 < i < di) which is a
Preg-invariant subspace of C[G] of dimension dy,.

Now we are ready to prove our main result. Let us denote the ij entry of a
matrix X by [X];;. Then we have the following theorem.

Theorem 2.1. Let I' = Cay(G,S), 1 ¢ S = S71 and Irr(G) = {p1,...,pm}-
Then

wr(z,y) = ﬁg Z:: dk{ ZQ k) } [ (k)(my_l)]ji'

ses

Proof. First, recall that the adjacency matrix A of I' can be viewed as a linear
map on C[G] and by Lemma C[G] = @,-, @d’“ W(k , where Wj(k) = (@W |

i
1 <4 < di) which is a pyeg-invariant subspace of (C[G] of dimension dj. Since

A"e, € C[G], there exist complex numbers aEJ ), 1 <1i,5 < dj such that

(2.3) Z Z aw Qw .

k=11,j=1

ATeq 0l .
On the other hand, ozl(f) = %, where (u,v) denotes the usual inner product

(0i;":2i5")
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of v and v in complex field vector spaces. Furthermore,

<A €x, ng)> = < Z €sp5p_1...51> Z 0;;5 69 by Lemma 2'2)
81,...,81€8 geqG
(k)
= Z <esrsr,1...51w7 Z Qij (g)eq>
S1,...,87€S geG

= > Y @) ens i sian)

S1,...,8-ES g€G

= Z ggf)(srsr_l .. 81T)

81,0..,87E€S
= Z {Q(k)(ST) s Q(k)(sl)Q(k) (CU)} B (since Q(k) is a homomorphism)
81,..4,81€ES v
= Z 0™ (s:) ... 0" (s1)0® (x)] -
_sl,...,sTES ¥
= (O] M (s1) ... (D 0M(s1))0® (as)] )
" sr€S s1€8 &
= [ ePEye®@)] .
" ses K
Also
k k k
@7.25) = (O o) (@eg. Y ol (hew)
geG heG
= Z Qij Z 9;j 69’ eh>
geqG heG
= Z Q Qz]
geG
= Z Qj; Qw (9) (since g(’“) is unitary)
geG
G|

= —— (by Schur’s relations).
di

Hence a(k) IGI |:(ZSES 0¥ (5))" o) (:z:)} . Now from the equality (2.3), Lemma

2.1 and this fact that @Ef) = gec g;’f)(g_l)eg, we have

(x,y) Gi de[zg(k ] [ Wy )]ji’
k=1i,j=1 s€S

which completes the proof. O

Keeping the notations of Theorem 2.1, since o*) (1) = I, , we have the following
direct consequence.
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Corollary 2.1.

wr(T: @, ) \G\deTr ZQk)

ses

where Tr[X] denotes the trace of matriz X. In particular,

DRE WL

ses

Corollary 2.2. ([15, Theorem 2]) LetT' = Cay(G,S) and 1 ¢ S = S~ be a union
of conjugacy classes of G. Then

m

1 (D ses Xu(8) Xk (xy™")
wT(m7y) - @ Z dz_l .

In particular, if G is abelian then

|G|
-(2,7) %ZZM ) xi(zy ™).

=1 seS

Proof. First, note that S is a union of conjugacy classes if and only if for all
g € G we have g~'Sg = S. Thus for all g € G, we have

PO () (g) = D oW(g?

ses SES

= Z 0¥ (s) (since g71Sg = 9).
ses

Hence by Schur’s Lemma, Y, 0% (s) = ATr(, g 00 (s)) Ly, = Zees X g,
Now the result follows from Theorem 2.1. []

Let G = (a) = Zy, be a cyclic group of order n. Then Irr(G) = {x; | i =
0,...,n— 1}, where xx(a") = exp(2wikr/n).

Corollary 2.3. (See also [14]) Let K,, be a complete graph with n vertices. Then

cz,y) =4 pln=1)" = (=1)") z #
Wr(Knamay) = { ;1((71 _ 1) (—I)T_l) T = z

Proof. Let G = {(a) be a cyclic group of order n and S = G\ {1}. Then for all
g€ G, g 1Sg= S and K,, = Cay(G, S). Hence, by Corollary 2.2,

wr (K2, y) Z > xk(s) xk(zy ).

Ic 0 ses
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On the other hand

-1 k#0
ZXk(S):{n—l kio

seS

Let # = a' and y = a!’. Then xg(zy~!) = exp(2k(l — I')mwi/n), k=0,...,n— 1. It
is clear that if z = y then ZZ;&(ZSQS xe(8) " xk(zy™) = (n—1)" + (n—1)(-=1)".
Since z + 22 + ...+ 2" ! = —1 whenever z is a nth root of unity, we conclude that
if z # y then Z;&(Zses Xk (8)) xe(xy~!) = (n — 1)" — (=1)", which completes
the proof. O

Corollary 2.4. Let C,, be an n-cycle. Then C,, = Cay(G,S) where G = (a) and
S ={a,a"'}. Furthermore,

n—1
/ 27 2k 2rk(l =V
wr(Cpsal,al)y = = g COST(L)COS(M

n n n

).

Proof. Let xj € Irr(G). Then yi(a) + xx(a™!) = 2cos(2E). Also yip(zy™!) =
cos(%l_l/)) + isin(%). Furthermore, Zz;é cos(%)r sin(%l_l/)) = 0.

Now the result follows immediately from Corollary 2.2. O

Corollary 2.5. Let K, 5, be the complete bipartite graph with 2n wvertices, where
n>3. Then K, , = Cay(G,S), where G = (a) = Za,, and S = {a,a®,...,a*""1}.

, T )" (=1 -
Wr(Kn,n§alyal):n +( n) ( ) )

2n
Proof. Let wy = exp(mwik/n). Then irreducible characters of G are xi, k =
0,...,2n — 1, where y;(a') = wfg For k # 0,n we have wk—i—wi —&—...—s—win_l =0.
Thus
0 k#0,n
Z xk(s)=< n k=0
s€S -n k=mn

Let 2 = a! and y = a’". Then Xk(zy™1) = wé‘l/ which completes the proof. O

Recall that the Hamming graph H(n,m) is the graph whose vertex set is the
Cartesian product of n copies of a set with m elements, where two vertices are
adjacent if they differ in precisely one coordinate. H(n,2) = @, is the familiar
n-dimensional hypercuble. It is well-known that I' = Cay(G1 X ... x Gy, S) where
G;={a),i=1,...,n,is of order m and S is the set of all elements of G x...x G,
with exactly one non-identity coordinate. In the following example, we compute
the number of walks between any two vertices in the Hamming graphs.
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Corollary 2.6. LetI'= H(n,m). Then

1 T . .
WT(F7 z, y) = W Z (n(m_l)_mc(le e 7]n)) T(T1—51)]1+---+(Tn—sn)]n7

0<j1seenfin <m—1

where x = (a™,...,a™), y = (a**,...,a*) and c(j1,...,jn) is the number of non-
zero coordinates of (j1,...,jn).. In particular,

1 . . " r1—51)] Tn—5n)J
(Qn,fL' y) 2” Z ('I’L_2C(j177jn)) T( ! 1)]1+---+( " n)Jn7
0<g1,50-5dn <1

where x = (a™,...,a™) and y = (a®,...,a°").

Proof. Let x € Irr(Gy x ... x Gp) and g = (a,...,a™) € G1 X ... X Gp. Then
there exist (j1,...,jn), where 0 < j; < m— 1, such that x(g) = 71151 +Finin where
T = exp(2mi/m). Hence every irreducible character of G; X ... x G,, completely
determined by an n-tuple (j1,...,7,), where 0 < j; < m — 1. Let us denote the
corresponding character of this tuple by x(j,.... j,.)-

Let # = a’ # 1 and 29 be a 1 x n vector that its only non-identity element
is x at the jth position. Let s € S. Then s = (az)(k) for some 1 <3< m-—1
and 1 <k < n_ Hence x(j, ....j,)(8) = 7% which implies that > ¢ x(jy,....j0)(8) =
PR P 74+ On the other hand,

m—1 .
2 )‘{—1 i # 0

i=1
Let ¢(j1, - - -, jn) be the number of non-zero coordinates of (1, . .., jn). Then
Y oees X(ryin)(8) = n(m —1) — me(J1, . .., jn). Now, by Corollary 2.2,
1 . _
@)= —e Y (nln= 1) = mels, ) i,
0<j1,.,jn<m—1
where z = (a™,...,a™) and y = (a®?,...,a°"). This completes the proof. O
Recall that a partition of a positive integer n is a sequence A = (A1,..., Ayp) of

positive integers such that Ay > Ao > ... > A, and Zgl Ai = n. We write A - n to
indicate that A is a partition of n. Since the inequivalent irreducible representations
of the symmetric group S, on n letters are conveniently by partitions of n, we write
Px, Xx and dy for the irreducible representation, the character and the degree of
the representation associated with A - n.

For A\=(A1,...,Am)Fnyput ;=N +m—4, 1 <i<m. Ifm=1thendy =1
and whenever m > 1, by [4, equality (4.11)] we have

(2.4) dy = l1'12 ~ H

Furthermore,
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(1) if 7 € Sy, is a transposition, then by [8, equality (5.1)],

Mz ()

(2.5) xa(1) = md/h

(2) if 7 € Sy, is a 3-cycle, then by [8, equality (5.2)]

Ms(A) —3n(n—1)
2n(n—1)(n — 2)

(2.6) Xa(T) = dy,

(3) if 7 is a product of two disjoint transpositions, then by [8, equality (5.5)]

M(N)? — 2M3(X\) + 4n(n — 1)
n(n—1)(n —2)(n —3)

(2.7) (1) = dy,

where
My() =37 (4 =Dy 3 +1) =3 - 1)
and

My(N) = 3 (5 =) =3+ DA =25+ 1)+~ 1)(2 —1)).
=1

Corollary 2.7. LetT' = Cay(Sy,S), be the complete transposition graph, where S
is the set of all transpositions of {1, ... n} Then for all x € S,,, we have

2
wr(z, ) o Zd Msy(\
AFn
Furthermore, if x # y be two non-disjoint transpositions then

wr(@,y) = n'QT"'ln(TL —1)( ;dAM2 M3(A) = 3n(n — 1)),

and if they are disjoint, then

wr(@,y) = 2(n = 1)(1n N Zd?M2 My(N)? = 2M3(\) + 4n(n —1)).

Proof. Since S is the set of all transp051t10ns of S,, it is a conjugacy class
of S, with @ elements. On the other hand, by Equality (2.5), for any A\ =
(M, ..., Am) F n we have

Mo (X
5 () = Sha((1,2) = 2V,

seS

Let z,y € S,,. If z = y then zy~! = 1 and xx(2y~!) = xa(1) = dyx. If x # y and
they are not disjoint transpositions then xy~! is a 3-cycle. Now the result follows
immediately from Corollary 2.2 and equalities (2.6) and (2.7). O
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Abstract. In this note, we derive some approximation properties of the generalized
Bernstein-Kantorovich-type operators based on two nonnegative parameters consid-
ered by A. Kajla [Appl. Math. Comput. 2018]. We establish a Voronovskaja-type
asymptotic theorem for these operators. The rate of convergence for differential func-
tions whose derivatives are of bounded variation is also derived. Finally, we show the
convergence of the operators to certain functions by illustrative graphics using Mathe-
matica software.

Keywords: Approximation; Bernstein-Kantorovich type operators; convergence.

1. Introduction

For f € C(I), with I = [0,1], the classical Bernstein polynomials are defined as
follows:

Bu(fi) = ;pn,k(x)f (%),

Z 2F(1 — 2)"~* is the Bernstein basis.

Also for f : I — R an integrable function, the classical Bernstein-Kantorovich
operators are defined by

where p,, k(z) =

(k+1)/n

M, (f;z) = annk(x)/ f(®)dt, x €10,1], n € N,
k=0 k/n

The above operators M, can also be written as follows:

(11) M, (i) = gpn,m) / N (@) .

n
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Stancu [31] introduced the Bernstein-type operators involving two parameters r, s €
N U {0}, as follows:

(12)  (Sand) f@) = Y Puoorule ZM (Hkr)
p=0

For r = s = 0, these operators reduces to Bernstein operators B, (f; z).

Abel and Heilmann [1] investigated the complete asymptotic expansion of Bernstein-
Durrmeyer operators. Gonska and Paltanea [16] presented genuine Bernstein-Durrmeyer
operators based on one parameter family of linear positive operators and study the
simultaneous approximation for these operators. Cdrdenas-Morales and Gupta [12]
derived a two-parameter family of Bernstein-Durrmeyer-type operators based on
the Polya distribution and gave a Voronovskaja-type asymptotic theorem. In [9],
Agrawal et al. introduced the Kantorovich-type generalization of Luaps operators
and obtained the local and global approximation properties of these operators. Abel
et al. [2] considered the Durrmeyer-type modification of the operators (1.2) defined
by

n—sr

(1.3) Sl f52) an @) Y pes@)04 1) [ o (DD
k=0 0

The authors studied a complete asymptotic expansion and derived some basic ap-
proximation theorems for these operators. Gupta et al. [18] considered the Dur-
rmeyer variant of Baskakov operators based on the inverse Polya-Eggenberger distri-
bution and studied the local and global approximation properties. Many researchers
have contributed to this area of approximation theory [cf. [3-8,10,11,13-15,17-20,
22,24-30] etc.] and the references therein.

For f € C(I), Kajla [23] defined the following Stancu-Kantorovich-type opera-
tors based on two nonnegative parameters:

n—sr S 1
(14) Kurs(fio)= > pn_sn#(l')zps,k(l')/ f <M> dt.
=0 k=0 0 "

The approximation behaviour of Iy, - s was examined in the paper [23].

In this article, we prove the Voronovskaja-type asymptotic theorem for these op-
erators. The rate of convergence for differential functions whose derivatives are of
bounded variation is also obtained. Finally, we show the convergence of the opera-
tors by illustrative graphics in Mathematica software to certain functions.

Let e;(x) = 2%,i =0,1,2---
Lemma 1.1. /23] For the operators K, s(f;x), we have

(Z) K:n,r,s(eo;x) = 17
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) 1
(i) Knrs(erz) =+ oo

(i1i) Kn,r,s(e2; ) = 2%+ el (1 + sl 1)> + % + L

n n 3n2’
32(3 —2z)  x(7—9z) + 6rsz?(r — 1)(1 — z) + 423
_|_
2n 2n?
1-— 2rsas<(5 + 92 — 42?) — 3r(1 — 22) — 2r%(1 — 3z + 8332))

(iv) Kyrs(es;x) =a® +

* 4n3 :

4
(v) Kprsles;z) =zt + 51:? {55712 —30n3 + 30n%rs — 30(—1 + r)rs — 30n2r?s +

15(r — 1)r?(s — 2)s — 15(r — 1)r?s(s + 2) + 10n(=3 + (r — 1)r(7 + 47‘)5)] +
e
5nt

30n(r—1)rs(2r+5) —3073s(r—1)(s —2) +15r2s%(r — 1) + 15r2s%(r — 1)(s—|—2)]

{40713 —80n — 120n? — 30n?rs + 80(r — 1)rs + 30n22r?s + 50(r — 1)r?s —

72

+ g 75n% — 75n — 75rs(r — 1) — 65r2s(r — 1) — 5r3s(r — 1) + 20nrs(r — 1) +
n

15r3s(s — 2) — 15r2s%(r — 1)
1

5nt’

+ 533? 30n + 257s(r — 1) + 1572s(r — 1) + 5r3s(r — 1) | +

Let e¥(t) = (t —2)',i =1,2,4.

Lemma 1.2. /23] For the operators K, s(f;x), we get
. N 1
(i) Kn,rs(ef(t);z) = m’

(i) Knrales(t); ) = L2 (1 + 1)> g

Lemma 1.3. /23] For f € C(I), we have
1K, rs (5 ) < (I £1I-

Remark 1.1. For every z € I, we have

. z 1
Jm n Knrs(er(t)e) = 5,

lm n Knrs(ez(t);z) = z(l—2x),
n— oo
lim n® Knrs(ef(t);z) = 32°(1—x)%

n—r00
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Lemma 1.4. Forn € N, we obtain

Kors(€2(t); 2) < Xm+(1_m)7

where X, s 1s a positive constant depending only on r, s.

Theorem 1.1. /23] Let f € C(I). Then lim K, . s(f;z) = f(z), uniformly in I.
n—oo

2. Voronovskaja type theorem

The aim of this section, we prove the Voronvoskaja-type theorem for the operators
K:nﬂ‘,s~

Theorem 2.1. Let f € C(I). If f exists at a point x € I, then we have

lim n [Icn,ns(f;x) - f(.’L‘)} = lfl(x) + M

n— oo 2

().
Proof. By Taylor’s formula of f, we get
(21) () = (@) + F@)t—a) + 57" @)E — ) + (e, 2)( — )

where tlirn w(t,z) = 0. By applying the linearity of the operator KC,, , s, we obtain
—x

’Cn,r,S(fQ r)— f(x) = ]Cn,r,S((t —x);z)f'(x) + %]CnmS((t - x) x) f"(z)
+K s (w(t, ) (t — )25 2).

Now, applying the Cauchy-Schwarz property, we can get

W po(@ (1, 2) (= 2)%2) < /K pa (@21 2);2) /02K (8 — )5 2).

From Theorem 1.1, we have hm Kors(@?(t, x); 2)= w?(2,2) = 0, since w(t, ) —

0 as t — z, and Remark 1.1 for every x € I, we may write

(2.2) lim 1%k, . ((t— z)t; z) = 3z%(1 — ).

n—oo
Hence,
s (w(t, x)(t — m)z; z) =0.

Applying Remark 1.1, we get

1
nh_)rrgonlCn rs(t— a3 2) = 3
(2.3) lim nkCp s ((t—2)%2) = 2(1 — ).

n—roo

Collecting the results from the above theorem is completed. [
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3. Rate of convergence

DBV (I) denotes the class of all absolutely continuous functions f defined on I,
having on I a derivative f equivalent to a function of bounded variation on I. We
notice that the functions f € DBV (I) possess a representation

fa) = / " g(t)dt + £(0)

where g € BV (I), i.e., ¢ is a function of bounded variation on I.

The operators K, , s(f; x) also admit the integral representation

(3.1) Knrs(fim) /Wnrsxt f(t)dt,

where the kernel W, , s(z,t) is given by

n—sr

nrsxt an sru Zpsk Xnk:

where X, x(t) is the characteristic function of the interval [k/n, (k + 1)/n] with
respect to I.

Lemma 3.1. For a fized x € (0,1) and sufficiently large n, we have

, Y Xrs (1 —2x)
i) Bnrs(x,y :/ Whrs(z,t)dt < ————5—, 0 <y <z,
() Bura@) = [ Wasle o < S22

Xrs 2(1—x)

1
(i) 1 = Bprs(z,2) = / Wi rs(x, t)dt < n(z—x)% z<z<1.

n(z —y)?

Proof. (i) Using Lemma 1.2 we get

I vz —t\?
/Wnrs (z,t dt</ ( ) Wir,s(2, t)dt
9 0 r—=y

Xrs (1 —x)
n(z—y)?

Bn,ns(xy y)

= Knns((t - 13)23 z)(z — y)_2 <
As the proof of (i) is similar, the details are omitted. O

Theorem 3.1. Let f € DBV(I). Then for every x € (0,1) and sufficiently large
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n, we have
/ 1o _ / _ Al (r_
4n n 2
[Vn] =z z
an (1 — 1‘) x
k=1 z—(z/k) z—(z/v/n)
[Vn]z+((1-=)/k) (1-2) z+((1-z)/vn)

X, x x
+—= (f2) + (f2),
PP w Y

where \/Z(fg';) denotes the total variation of f.. on [a,b] and f. is defined by
fi@t) = fl(a=), 0<t<w
(3.2) 1) = 0. =z
)= fl(z+) z<t<l
Proof. Since K, - s(1;2) = 1, by using Lemma 1.1, for every = € (0, 1) we get
1
KnralFia) = @) = [ Warala0(5(0) = F(a)it
0
1 t
(3.3) = / ans(m,t)/ I (u)dudt.
0 T
For any f € DBV (I), by (3.2) we can write

F) = P+ (@) + @) + o (@) — fa-))sgn(u — z)

2 2
(3.4) @) (W) — 5 (7 @4 + )]
where
sw={ 0171
Obviously,

/01 </ (f () 57 ) + f’(x—)))dzw)du) Wi s, 1)t = 0.

By (3.1) and a straightforward calculation we have
1 t 1 1 1
[ ([ 5678 + 1) Wty = 55+ £ [ €= Wttt

= S+ P K6~ 2)52)
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and

[ Wt ([ 3057 - e Nsont = i)

1
< % | f/(z+) — f(x—) | /O [t — 2 Wi s(z, t)dt

< 5P @) = F @) Kallt — 2l:2)

1/2
< 17w = )] (Knale-0%0))

Applying the lemmas 1.2 and 1.4 and using (3.3),(3.4) we obtain the following
estimate

KnrsFi2) = F@| < A7) + /()

1., , Xrs x(l —x)
1 ) - flaoy T 22T

OI (/: fé(u)d“) Whrs (2, t)dt
(3.5) +/ml (/: fé(@du) Wn7r,s(m7t)dt‘,

Aralf! /(/f du) Wi, t)d,
Buralf /(/f du) Wi, ).

To complete the proof, it is sufficient to estimate the terms Ay, » s(f., z) and By, » s(f., x).

Since fa difn,rs(x,t) <1 for all [a,b] C [0,1], using integration by parts and apply-
ing Lemma 3.1 with y = = — (x/y/n), we have

’ ( / t f;(u>du> dtﬂn,m(x,t)‘

/ Bars(z, 1) f ()dt‘

([ [ )0l st
< 2o 29 Py 2dt+/x\?f

Xrs z(l—a) (Y , 9 T /
< == N UDe-02d+—=  \/ ().
" /0 t VI e

|An,r75(fa,;7 )|

IN
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By the substitution of u = z/(x — t), we obtain

2(1 — ) [r—(@/vn) z . _g) [V /
e A9 [T g = B2 G2 T (g

n

—(z/u)
Val k41 =
Xes (1—
< B LEINT T Ga
" k=17% o (x/k)
(Vn] =z
Xrs (1—x)
< - \V )
k=1 z—(z/k)
Thus,
X, 1—a) & g
(36) Anra(flon) < e UZD N7y (g = VU,
k=1 z—(z/k) z—(z//1)

Using integration by parts and applying Lemma 3.1 with z = 2+ ((1 — x)/v/n), we
have

|Br,r,s (fz: )]

t f;(u)du> Wn,’r,s(x, t)dt’

[
/( fl du)dt(l—,ﬁnrsxt /(/ fl ) (1= Bn,rs(z,t))
[
S

T @) du(1 = Burs (2, 2)) — / PO = Burs (2, 1)) dt

(1 = Bn,r,s(x,t) du:| /fl (1 = Bn,r,s(z,t))dt

z f;<u>du) (1 = 0|

+

U; fa(u)du(l — ﬂn,r,s(a;,t))l - /21 fa®)(1 — 5n,r,s($,t))dt’

D= s, + [ £00 = ot t))dt\

Xr+(1—$)/ \/(f;)(t—:c)‘QdH/z\/(fé)dt

t

_ X a(l-o) [ / t_l,fde_(l—ﬂC)
a / e V=D - E

IN

z+((1—-=)/v/n)

(f2)-
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By the substitution of v = (1 — x)/(t — z), we get

e+ ((1-x)/v/7)

z+((1—=)/v)
/ Xﬂs 1}(1 _ l’) z ’ -1 (1 — SL’)
Buralf)l € SEEEEE [TV -0 e S z
WVnl g1 e+ ((1-=)/v) z+((1—-z)/v/n)
XTS x / (1 —l’) ’
< u . d !
< Fo z/ VoSV @)
X " [Vn]z+((1-z)/k) 1-2) z+((1-=))/v/n
3.7 = s 2 ! / )
(3.7) - ; \/ () + == \/ (£2)

Collecting the estimates (3.5)-(3.7), we get the required result. This completes the
proof of the theorem. O

4. Numerical Examples.

Example 4.1. In Figure 1, for n = 10,7 = 1, s = 1, the comparison of convergence of

Kan,r,s(f;x) (yellow) and Bernstein-Kantorovich M, (f;z) (blue) operators to f(x) = e’
(red) is illustrated. It is observed that the KCn,rs(f; ) gives a better approximation to
f(z) than Bernstein-Kantorovich M, (f;x) operators for n = 10,r = 1,s = 1.

2.51

1 T T T T
0 0.2 0.4 0.6 0.8

Figure 1.The convergence of Mio(f;x) and Ki0,1,1(f;2) to f(x)

Example 4.2. In Figure 2, for n = 50,7 = 1,s = 1, the comparison of convergence
of Kn,rs(f;2) (yellow) and Bernstein-Kantorovich M, (f;x) (blue) operators to f(x) =
2% sin (22) (red) is illustrated. It is observed that the Kn rs(f;2) gives a better approxi-

mation to f(x) than Bernstein-Kantorovich M, (f;z) operators for n = 50,r =1,s = 1.

(f2)
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Figure 2.The convergence of Mso(f;x) and Kso.1,1(f;2) to f(x)
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Abstract. In this paper, we study nearly Kenmotsu manifolds with a Ricci soliton and
we obtain certain conditions about curvature tensors.
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1. Introduction and Preliminaries

Ricci solitons %g = —285 reflected on the modulo diffeomorphisms and scales
from the space of the metrics are fixed points of the Ricci flow and mostly explosive
limits for the Ricci flow in compact manifolds. Generally, physicists have studied
Ricci solitons in relation with string theory. In particular, in differential geometry
we use a Ricci soliton as a special type of the Riemannian metric. Such metrics
builds from the Ricci flow only by symmetries of the flow so they can be viewed
as generalizations of Einstein metrics. A Ricci soliton (g,V;A) on a Riemannian
manifold (M, g) is a generalization of the Einstein metric such that [12]

(1.1) £Vg+25+2\g =0

where S is a Ricci tensor and £V is the Lie derivative along the vector field V' on
M and X is a real number.

Depending on whether A is negative, zero or positive, a Ricci soliton is named
shrinking, steady or expanding, respectively. In addition, if the vector field V is
the gradient of a potential function — f, then the metric g is called a gradient Ricci
soliton. We can regulate the (1.1) as

(1.2) VVf=S+Ag.
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Ricci solitons firstly become more important after Perelman applied Ricci soli-
tons to solve the long standing Poincare conjecture posed in 1904. [19] In particular,
after Sharma had studied the Ricci solitons in contact geometry, Ricci flows in con-
tact geometry gained a significant attention. They have been studied extensively
ever since. The geometry of Ricci solitons in contact metric manifolds have been
studied by authors such as Bagewadi, Bejan and Crasmareanu, Blaga, Hui et al.,
Chen, Deshmukh et al., Nagaraja and Premalatta, Tripathi and many others. In
[11], Ricci solitons in K-contact manifolds were studied by Sharma. Ghosh, Sharma
and Cho [11] studied gradient Ricci solitons in non-Sasakian (k, p)-contact mani-
folds. In addition, in [21], Tripathi showed gradient Ricci solitons, compact Ricci
solitons in N (k)-contact metric manifolds and (k, )-manifolds. Recently in [1], B.
Barua and U. C. De focused on some properties of Ricci solitons in Riemannian
manifolds.

Einstein solitons are open examples of Ricci solitons, where g is an Einstein
metric and X is a Killing vector field. On a compact manifold, a Ricci soliton has a
constant curvature, especially in dimension 2 and in dimension 3 [12, 13]. For details
about these studies, we refer the reader to Chow and Knopf [8] and Derdzinski [10].
An important result by Perelman shows that on a compact manifold, the Ricci
soliton is a gradient Ricci soliton.

Based on these studies, in this paper we review Ricci solitons (R.S) and gradient
Ricci solitons (G.R.S) in a nearly Kenmotsu manifold. The paper progresses as
follows. After some preliminary information and definitions in Section 2, we consider
the case that in a nearly Kenmotsu manifold, if ¢ admits a (R.S) in the form of
(g,V,A) and V is point-wise collinear with £, then the manifold is an n-Einstein
manifold. Furthermore, we show that if a nearly Kenmotsu manifold admits a
compact (R.S), then the manifold is Einstein. Finally, in the last section, we prove
that when an n-Einstein nearly Kenmotsu manifold admits a (G.R.S), the manifold
transforms into an Einstein manifold under certain conditions.

Let M be an n-dimensional nearly Kenmotsu manifold with the (¢, &, n, g) struc-
ture that ¢ is a (1, 1) type tensor field, £ is a contravariant vector field, 7 is a 1-form
and g is a Riemannian metric. Then by definition, it satisfies the following relation
[15]

n€) =1, ¢ =-T+n®E,
(Vxn)(Y) =Y, X), QX Y)=QY,X) (QFY,X)=g(sY,X)),
L7) (Vz2)(X,Y) ={9(X, Z2) + n(X)n(Z)}n(Y) + {g(Y, Z) + n(Y)n(Z) }n(X)
for any vector fields X,Y and Z on M, where the ® is the tensor product and I
shows the identity map on 1), M.

—~ o~~~ —~
— =
[« I SENYAN

In an n-dimensional nearly Kenmotsu manifold with (¢, £, n,g) structure, the
following relations hold.

(1.8) n(R(X,Y)Z) = g(X, Z)n(Y) = g(Y, Z)n(X), S(X,§) = —(n—1)n(X),
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(1.9)  R(&Y)X = —g(Y, X)§ +n(X)Y, R(Y,X)§ =n(Y)X —n(X)Y,
(1.10)  @(R(X,9Y)Z) = R(X,Y)Z + 2{n(Y)X —n(X)Y}n(Z) + 2{g(X, Z)n(Y)
_g(Y7 Z)U(X)} + Q(X’ Z)¢(Y) - Q(Y7 Z)¢X + g(Y, Z)X - g(X7 Z)K

where R is the curvature tensor and S is the Ricci tensor with respect to g. If the
Ricci tensor S satisfies the condition

(1.11) S=ag+bnamn,

then an n-dimensional nearly Kenmotsu manifold is said to be n-Einstein. In the
Ricci tensor equation, a and b are smooth functions on M.

In an n-Einstein nearly Kenmotsu manifold, the Ricci tensor S and Ricci oper-
ator Q are shown in the form below.

r

(1.12) S(X,Y) = [ﬁ - 1} 9(X.Y) + [

n—1

(1.13) QX = [n r - - 1} X + [% - n} n(X)E.

n—1
2. (R.S) on Nearly Kenmotsu Manifolds

Suppose that a nearly Kenmotsu manifold admits a (R.S). Considering the
properties of nearly Kenmotsu manifolds with (R.S), we know that Vg = 0. Since
A in the (R.S) equation is a constant, we can specify that VAg = 0. Because of
this, it is easy to say that £y g + 25 is parallel.

It was proved in [16] that if a nearly Kenmotsu manifold with a symmetric
parallel (0,2) type tensor, then the tensor is a constant multiple of the metric
tensor. As a result of this theorem, we can say that £ g+ 25 is a constant multiple
of metric tensors g, i.e., and £y g+ 25 = ag, such that a is constant.

From the above equations, we can write £y g + 25 + 2A\g as (a + 2)\)g. Then
using (R.S), we get A = —a/2.

Based on these results we can write the following proposition.

Proposition 2.1. In a nearly Kenmotsu manifold, depending on whwther a is
positive or negative, (R.S) with the form of (g,\, V) is shrinking or expanding.
Particularly, let V' be point-wise collinear with £ i.e. V = b€, where b is a function
on a nearly Kenmotsu manifold. Then

(2.1) (£vg+25+2Xg)(X,Y) =0,

which adds up to

9(Vxb8,Y) +g(Vybg, X) +25(X,Y) +209(X,Y) = 0,
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or,

bg(Vx&Y) + (X0)n(Y) +bg(VyE, X) + (YD)n(X) +25(X,Y) + 2Xg(X,Y) = 0.
Using (1.4), we get

(2.2) 2bg(X,Y)—20n(X)n(Y)+(Xb)n(Y)+(Yb)n(X)+28(X, Y)+2Ag(X,Y) = 0.
Then putting Y = £ in (2.2) we obtain

(X0)+n(X)Eb+2(1 — n)n(X) + 22n(X)

or,
(2.3) (Xb)=(1—-—n—-A)n(X).
We know that in a nearly Kenmotsu manifold dn = 0 and from (2.3) we get
Xb=0
if
A=1-n.

Theorem 2.1. If in a nearly Kenmotsu manifold, the metric g is a (R.S) and V
is point-wise collinear with &, then V is a constant multiple of & on condition that
A =1—n. Especially, if we take V- =¢. Then

(L£vg+25+2MN)(X,Y) =0,
implies that

Substituting X = &, we get A = —(n — 1) < 0. Because it is negative, we can
say that the (R.S) is shrinking.

Particularly, if the manifold is a nearly Kenmotsu manifold, then we have
(2.5) (Vxn)(Y) = g(6X,¢Y) = g(X,Y) = n(X)n(Y).

Hence using (2.3), (2.5) Equation (2.2) becomes
(2.6) S(X,Y) = (n=2)g9(X,Y) +n(X)n(Y),
that is, it is an n—Einstein manifold. In addition, we have the following theorem.

Theorem 2.2. If in a nearly Kenmotsu manifold the metric g is a (R.S) and V
is point-wise collinear with &, then the manifold is an n-FEinstein manifold.
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Conversely, if we have a nearly Kenmotsu 7n-Einstein manifold M with the fol-
lowing form in which v and § constants

(2.7) S(X,Y) =6g9(X,Y) +n(X)n(Y),
then taking V = £ in (2.1) and using the above equation, we obtain

(2.8) (£€9)(X,Y) +25(X,Y) 4+ 2)\g(X,Y)
= 2(1+AX+0)g(X,Y) 4+ 2(yv — Dn(X)n(Y).

From Equation (2.8) it follows that M with a (R.S) with the form of (g, &, \) such
that A=~ — 9.

So we have the following theorem.

Theorem 2.3. If a nearly Kenmotsu Manifold is n-Finstein, then the manifold
admits a (R.S) of type (g,&, (v —9)).

Again, as a result of some adjustments, we get from (2.6)
r = (n—1)* = constant.

By the last equation, the scalar curvature is constant.

In [11] Sharma proved that a compact Ricci soliton with a constant scalar cur-
vature is Einstein. Therefore, from this theorem, we give the following result.

Corollary 2.1. Let M be a nearly Kenmotsu manifold with a compact (R.S), then
the manifold is Einstein.

3. (G.R.S) on Nearly Kenmotsu Manifolds

If the vector field V is the gradient of a potential function — f, then g is called
a gradient Ricei Soliton and we can regulate (1.1) as

(3.1) VVf=5+Ag.
This can be written as
(3.2) VyDf =QY + )Y,

where D shows the gradient operator of g. From (3.2) it is clear that
(3.3) R(X,Y)Df = (VxQ)Y — (VyQ)X.
This implies that

(3.4) 9(R(§,Y)Df,€) = g(VEQ)Y, £) — g((Vy Q)§, E).
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Now using (1.13) and (1.4) we have

35 (TQX) = | a] (20X + 90XV IE ()Y
Then clearly

(36) o(Vx Q) - (VEQ)X.€) =0.

Then we have from (3.4)

3.7) o(R(E X)DF.€) = 0.

From (1.9) and (3.7) we get

g(R(&Y)Df, &) = —g(Y,Df) +n(Df)nY) = 0.

?;g)ce Df =n(Df)§ =g(Df,§)E = (£f)§.

Using (3.8) in (3.2) we get

(3.9) S(X,Y) + Ag(X,Y) =Y (Ef)n(X) + Efg(dX, ¢Y).
Putting X = ¢ in (3.9) and using (2.3) we get

(3.10) Y(Ef) =0 =n+nk).

With this equation, it is clear that if A =n — 1.

So from here, £f = constant. Then using (3.8) we have

Df = (£f)€ = €.

Particularly, taking a frame field {f = 0, we get from (3.8), f = constant. There-
fore, Equation (3.1) can be shown as

S(X,Y)=(1-n)g(X,Y),
that is M is an Einstein manifold.

Theorem 3.1. If an n-FEinstein nearly Kenmotsu manifold admits a (G.R.S) then
the manifold transforms to an Finstein manifold provided A = 1 — n and with the

frame field £f = 0.

REFERENCES

1. B. BArRUA and U. C. DE: Characterizations of a Riemannian manifold admitting Ricci
solitons. Facta Universitatis(NIS) Ser. Math. Inform. 28(2) (2013), 127-132.

2. A. M. BLAGgA and M. CRASMAREANU: Torse forming n— Ricci solitons in almost para-
contact n— Finstein geometry. Filomat, (to appear).



Ricci Solitons and Gradient Ricci Solitons on Nearly Kenmotsu Manifolds 509

D. E. BLAIR: Riemannian geometry of contact and symplectic manifolds. Progress in
Mathematics, 203. Birkhuser Boston, Inc., Boston, MA, 2002.

. M. M. BooTHBY and R. C. WONG: On contact manifolds. Ann. Math. 68 (1958),

421-450.

5. H. D. Ca0: Geometry of Ricci solitons. Chinese Ann. Math. Ser. B 27 (2006), 121-142.

6. T. CHAVE and G. VALENT: Quasi-Finstein metrics and their renoirmalizability prop-

erties. Helv. Phys. Acta. 69 (1996), 344-347.

7. B. Y. CHEN: Geometry of Submanifolds. Marcel Dekker, Inc. New York, 1973.
8. B. CHow and D. KNOPF: The Ricci flow: An introduction. Mathematical Surveys and

10.
11.

12.

13.

14.

15.

16.

17.

18.

19.

20.

21.

Monographs 110. American Math. Soc., 2004.

U. C. DE: Ricci soliton and gradient Ricci soliton on P-Sasakian manifolds. The
Aligarh Bull. of Maths. 29 (2010), 29-34.

A. DERDZINSKI: Compact Ricci solitons. Preprint.

A. GHOsH, R. SHARMA and J. T. CHO: Contact metric manifolds with n—parallel
torsion tensor. Ann. Glob. Anal. Geom. 34 (2008), 287-299.

R. S. HAMILTON: The Ricci flow on surfaces. Math. and General Relativity, Contem-
porary Math. 71 (1988), 237-262.

T. IVEY: Ricci solitons on compact 3-manifolds. Differential Geo. Appl. 3 (1993),
301-307.

K. KENMOTSU: A class of almost contact Riemannian manifolds. Tohoku Math. J. 24
(1972), 93-103.

B. Najar1r and N. H. KASHANI: On nearly Kenmotsu Manifolds. Turkish Journal of
Mathematics 37 (6) (2013), 1040-1047.

R. H. OJHA: A note on the M-projective curvature tensor. Indian J. Pure Appl. Math.
8(12) (1975), 1531-1534.

G. PERELMAN: The entopy formula for the Ricci flow and its geometric applications.
Preprint, http://arxiv.org/abs/math.DG/02111159.

G. P. PokHARIYAL and R. S. MISHRA: Curvature tensor and their relativistic signif-
icance II. Yokohama Mathematical Journal 19 (1971), 97-103.

R. SHARMA: Certain results on k-contact and (k, pu)-contact manifolds. J. of Geom.
89 (2008), 138-147.

S. TANNO: Curvature tensors and non-existence of killing vectors. Tensor N.S. 22
(1971), 387-394.

M. M. TRIPATHI: Ricci solitons in contact metric manifolds. arXiv:0801.4222v1
[math.DG] 28 Jan 2008.

Giilhan Ayar

Department of Mathematics

Kamil C)zdag Science Faculty
Karamanoglu Mehmetbey University
Karaman, Turkey
gulhanayar@gmail.com



510 G. Ayar and M. Yildirim

Mustafa Yildirim
Department of Mathematics
Aksaray University
Aksaray, Turkey

mustafayldrm24@gmail.com



FACTA UNIVERSITATIS (NIS)
SER. MATH. INFORM. Vol. 34, No 3 (2019), 511-523
https://doi.org/10.22190/FUMI1903511A

THE NEW WEIGHTED INVERSE RAYLEIGH DISTRIBUTION
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Abstract. In this study, a new weighted version of the inverse Rayleigh distribution
based on two different weight functions is introduced. Some statistical and reliability
properties of the introduced distribution including the moments, moment generating
function, entropy measures (i.e., Shannon and Rényi) and survival and hazard rate
functions are derived. The maximum likelihood estimators of the unknown parameters
cannot be obtained in explicit forms. So, a numerical method has been required to
compute maximum likelihood estimates. Finally, the daily mean wind speed data set
has been analysed to show the usability of the new weighted inverse Rayleigh distribu-
tion.

Keywords: New weighted inverse Rayleigh distribution; Shannon entropy; hazard rate
function; Fisher information matrix; wind speed data.

1. Introduction

The accuracy of procedures in the statistical analysis depends on the suitable-
ness of a distribution used in modeling a data set. Therefore, many statistical
distributions have been proposed in the literature because it is very important to
determine the distribution which provides the best fit to a data set.

One of the widely-used statistical distributions in the context of reliability stud-
ies is the inverse Rayleigh (IR) distribution introduced by Trayer [24]. Sherina and
Oluyede [25] stated that the distribution of lifetimes of several types of experimental
units can be modeled by the IR distribution. Various extensions of this distribution
have been proposed in the literature: transmuted IR distribution [1], modified IR
distribution [10], kumaraswamy IR distribution [21] and beta IR distribution [12].

On the other hand, the theory of weighted distributions introduced by Rao [17]
and Fisher [3] provides a unifying approach to deal with the problems of model
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specification and data interpretation (see [9]). There are more studies on weighted
distributions and their applications in various fields including ecology and reliability
(see [6], [7], [16], [14], [15], [19], [13] and [4] among the others). Fatima and Ahmad
[8] also introduced a weighted IR (WIR) distribution with a single weight function
w (z) = 2* where k > 0, and they studied several of its properties.

The objective of the paper is to introduce a new weighted version of IR dis-
tribution obtained by using two different weight functions and to discuss its basic
characteristics.

The rest of the paper is organized as follows. The new WIR (NWIR) distribution
is introduced in Section 2. Some of its statistical and reliability properties are given
in Section 3. Equations of maximum likelihood estimates of parameters and a Fisher
information matrix are obtained in Section 4. In Section 5, an application of the
distribution to real data is presented. Finally, the paper ends with a conclusion.

2. The New Weighted Inverse Rayleigh Distribution

Suppose that X is a non-negative random variable with its probability density
function (pdf), and w(x) is weight function where E (w(x)) < oco. The pdf of
weighted distribution of X can be defined as

w (x) f(x)

(2.1) fuw(x) = Ew@)’

It should be noted that a general class of weight functions w (z) can be defined by
w(z) = 2" F* (2) (1 — F (2)),

see [23]. Weight functions can be determined for a different combination of 7, j,
k and [ values. If we take w(x) = x%, then the obtained distribution is called
size-biased distribution, and it is length-biased distribution for ¢ = 1.

Let X be a random variable with the IR distribution having the scale parameter
A. The pdf and cumulative density function (cdf) of the IR distribution are given
by
flz) = 2)\33_36_)‘:‘”_27 x>0, >0,
F(z) = e_’\fz, x>0, A\>0,
respectively. Now, substituting the multiplication of weighted functions, w; (x) =
2= and wy (z) = e~ and pdf of IR distribution in (2.1), the pdf of the NWIR
distribution is defined by
wy (z) w (z) f(x)
E (wy (z) ws (x))
2+1
2 (Oé + >\) 2 m—(a+3)e—(o¢+)\)m’2
FEe1)

(22)  fu(z)

,>0,A>0,a>0,
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where
e
0
AT (5 +1)

- a1 < Q.
(a+ N2 T

It should be noted that the following transformation is applied in order to calculate
E(w; (z) ws (2))

A
(2.3) u=(a+Nr?=1r= ot = du= —2(a+ Nz dr.
u

The corresponding cdf of the NWIR distribution is

) T2
I(%$+1)

7 (5 + 1,52

T3+

(2.4) F,(z) = F(%+—““)

Here I' (£ + 1, 252) is an upper incomplete Gamma function defined by

(oo}

I'(a,x) = /t“_le_tdt.

F(a,x) = F(a)—'y(a,x),

where v (a,x) is a lower incomplete Gamma function as

x

v (a,x) = /ta_le_tdt.

0

In FIG. 2.1, different pdf and cdf plots of the NWIR distribution are presented for
the selected values of parameters o and A\. Now, let Y = (a + \) X =2, where X has
the NWIR distribution with parameters o and A. The pdf of the random variable
Y becomes

1 oy

r(¢+1
for y > 0. Thus, the random variable Y has a Gamma distribution shown as
Y ~ Gamma (% + 1, 1).
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1 1 e
0.8 0.8
0.6 0.6
0.4 0.4
0.2 0.2

0 0

1 2 3 4 5 1 2 3 4 5
(a) Probability density function (b) Distribution function

FiG. 2.1: Plots of the pdf and cdf of the NWIR distribution where a = 2, A\ =1
(green line); aw = 2, A = 2 (blue line); o = 5, A = 3 (red line)

3. Statistical and Reliability Properties

In this section we consider some statistical and reliability properties of the NWIR
distribution.

3.1. ' moments

If a random variable X has the NWIR distribution with a scale parameter A and
shape parameter «, then the r** moment of the NWIR distributed random variable
X is obtained as

2(a+A\)2H

E(X") = r—a—3 —(oz—&-)\)x*zd )
(X7 /7F( ) x e x
0

vl | 4+

In order to calculate £ (X"), using the transformation in (2.3), we obtain
L(4gr+1)

E(X") = (a+\)? FETT)

Hence, from the rt* moment of the NWIR distribution, the first four moments can
be easily calculated to obtain the mean, variance, coefficient of skewness and the
coefficient of kurtosis of the NWIR distribution as follows

. atl
E(X) = (a+A)27FF((gil)),
2
Bxr) = 2o,
%F(a—_g—F )

2 +1
E(X?) = (a+)) 7“%“)7
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and

E(XY) = (a+))°

3.2. Moment generating function

The moment generating function of the NWIR distribution is given as follows.
formula

My (t) = E(c)
[e'e] a4
_ /etx 2 (O[ + )‘) 2 .’L'_(a+3)€_(a+/\)w_2d$.
r(%$+1)
0
By applying the Maclaurin series e!* = > (ti,)n and setting the transformation in
n=0 ’
(2.3), we finally get
1 o 1"

t n a—n
MX(t):ir(%+l>7;)m(a+>\)2F< 5 +1>.

3.3. Quantile function

The quantile function of the NWIR distribution is obtained by
(3.1) za=F,"(q),0<q<1,

where F; ! (q) is the inverse of cdf in (2.4). The median of the NWIR distributed
random variable X can be found by putting ¢ = 0.5 in (3.1). F,!(g) can be
computed numerically via some mathematical and statistical software packages since
it does not have a closed-form expression. Moreover, the equation in (3.1) can be
used in order to generate a random number from the proposed distribution.

3.4. Mode
Now, the natural logarithm of the f,,(z) in (2.2) is given by
(3.2) In fu(z) < — (@ +3)Inz — (a+ )z 2

Using the differentiating equation (3.2) with respect to x, we obtain as

(3.3) %lnfw(x) = —(a+3)z7 ' +2(a+N)z73.
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If the equation (3.3) is equal to 0 and solve for z, then the mode of the NWIR
distribution has the following expression

2(a+X)

X =
M a+3

for @« > 0 and A > 0. Note that f,(z) is increasing when x € (0, X)) and is
decreasing when z € (X7, 00) .

3.5. Shannon entropy

The statistical entropy introduced by Shannon [22] is defined as a measure of
the information content associated with the outcome of a random variable (see [2]).
The Shannon entropy of the NWIR distribution is expressed by

(3.4) Is(a,)) = —E(Inf,(z))

= 7F(%+1) « nr
= ln<2(a+)\)g+1>+( +3) E(Inx)

+ (a+A)E(27?).

To calculate E (Inz), if we use the transformation in (2.3), then we have
(3.5) E(lnz) = . 7u% (In(a+ A) —Inu) e “du
' 2r (4 +1) J

1
- (ln(a+)\)—\11(%+1))7
where ¥ is a digamma function with

U= L () = FF((:)),

dr
defined as the logarithmic derivative of the Gamma function. It is also well known
that the derivative of I' (r) is

r>0

I (r) = / 1 (Int) e tdt.
0

Substituting E (z72) = Ej_r/\l

distribution Ig (a, A) becomes
r(2+1) o
1 A) = In| —2 —+1
s (@) n<2(a+)\)2+1>+(2+ )
(a—3)
2

and (3.5) into (3.4), Shannon entropy of the NWIR

_|_

(ln(a+>\)—\lf(%+l)>.
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3.6. Rényi entropy

Rényi entropy considered by Rényi [18] is a generalization of the Shannon en-
tropy. The Rényi entropy of the NWIR distribution is expressed by

In(5) = 1_51n/f;;(x)dx
0

S o 5
F+1
= ! ln/ (2 (a 5 )\) : x_(a+3)6_(a+>\)w_2> dx
0

2+1
1 61n2(a—|—)\)
1-6 r(§+1)

—|—ln/m_‘s(o‘%)e_‘s(oﬁ)‘)fzdas ,
0

where 6 # 1 and § > 0. By using the transformation in (2.3), we obtain that

I (5) = 1%5 (ln26_1 + (IT_‘S> In(a+A)— oD (% +1)>

. 1%5 <lnr(5(a+23)—1> - 6(04—&—23)—11][15).

3.7. Survival and hazard rate functions

The survival and hazard rate functions of the NWIR distribution are defined by
S(x) = 1-F,(x)
(5415

r{5+1)

b

and

S (z)
S+1
_ 2(a+ N 2= (@F3) g—(atN)z~?
'7(%+1 o¢+>\)

) g2

for x > 0, respectively. In FIG. 3.1, the graphs of the survival and hazard rate
functions, which are plotted against different values of the parameters « and A, are
demonstrated.

Then, to determine the behavior of the hazard rate function of the NWIR dis-
tribution, the lemma established by Glaser [5] is used. Now, we define

’

R 7 C)

= (a+3)z ' =2(a+N)z3,




518 D. Aydin

and

n (@) =—(a+3)z 2 +6(a+ Nz
where f,, () is derivative of pdf of the NWIR distribution with respect to x. Thus,

6(5:3)‘) for A > 0, & > 0. Note that, 5 (z) > 0 and

n' (x) = 0 provides when z¢ =

17/ (z0) = 0 when 0 < & < 2 and 7' (x) < 0 when z > xy. Therefore, the hazard
rate function of the NWIR distribution is an upside down bathtub shape (see [19]
and [23]).

1 25
0.8 2
06 15 \
0.4 1
0.2 0.5

0 0

0 1 2 3 4 5 0 1 2 3 4 5
(a) Survival function (b) Hazard rate function

F1G. 3.1: Plots of the survival and hazard rate functions of the NWIR distribution
where o =2, A =1 (green line); a = 2, A\ = 2 (blue line); o = 5, A = 3 (red line)

3.8. Order statistics

Let X(1), X(2),- .-, X(n) be order statistics of a random sample Xy, Xs,..., X,
from the NWIR distribution. It is well known that the pdf of r*" order statistic
Xy (r=1,2,...,n) is given as:

(36) () = ()1 @) (F @) 0= F @)

Applying the binomial series expansion of (1 — F (z))""" in (3.6), we get

(3.7) From (w30, \) = Sy (o (—1)* f (2) (F ()T
> (0)(")

After substituting (2.2) and (2.4) into (3.7), if we put the binomial series expansion
of (F (x))""*~" in (3.7), then we have
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n—rr+k—1

(3.8) frm (T30, 0) = Z Z 9 (—1)r 2L

k=0 t=0

)]

y [(a+A)ZH yrth=l (2 4, QT?)]
I Ik (2 4+1)
% 'm—(a+3)e—(a+x)x*2] .

Thus, the pdfs of the smallest order statistic X(;) and largest order statistic X,
can be obtained by writing the r = 1 and r» = n in (3.8), respectively.

4. Estimation

Let {X1,Xs,...,X,} be a random sample from the NWIR distribution. The
log-likelihood function of the sample is

! o
(41) InL(a,A|z) = nln2+n (5 —|—1) In(a+A) —nlnl (5 —|—1)

- (a+3)21nmi— (a—&—)\)Zmi—Q.
i=1

i=1

By differentiating (4.1) with respect to parameters a and A, we have normal equa-
tions as

oL@z _ » Gl _nya
(4.2) 5n = 21n(a+)\)+n Y 2\11(2+1)
_ Zlnmi—zxi_Q:O
i=1 i=1
dInL(a,\|z)  (§41) &K
a2

i=1

where U (% + 1) = % InT (% + 1) = FF ((j:ll)) Note that the solution of the equa-
2

tions in (4.2)-(4.3) gives maximum likelihood estimators & and X of parameters o
and A\. However, they do not have a closed form solution, and we must use nu-
merical methods to solve them. Now, to give asymptotically a lower bound for the
covariance matrix of & and A, the Fisher information matrix is provided as a minus
expected value of the second-order partial derivatives of the log-likelihood function
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under the regularity conditions, see [11]. Tt is defined by

9% 1n L(a,\|z) 9% 1In L(a,\|z)
I ( )\) o -FE oa? -E OO
n &, - B 8% In L(a,\|z) E 8% In Lo, \|z) ’
B OXOa - ON?

and the elements of the matrix are obtained as follows

PInL(a,\| 2 n 241 n_: /o
E(%) BENCEDY _n((;:,\))? 37 (§+1)
WL (o, \|z)\ (5+1)
E( ON2 > B _n(a2+)\)2
2In L (a, z A
E(a : go(éa;‘ )> N ”(Sﬂl))”

where ¥’ (% + 1) is first derivative of W (% + 1) with respect to a. Therefore,
maximum likelihood estimators of parameters o and A have asymptotically normal
distribution with mean vector 0 and the covariance matrix I, (o, \) as

N (a —a - )\) = N2 (0,11 (a, \))

where 171 (a, \) is inverse of I, (o, ).
5. An Application

In this section, we consider a real data set, which is the daily mean wind speed
data for March, taken in 2015 from the Turkish Meteorological Services for Sinop,
Turkey, to demonstrate the practicability of the proposed distribution over the IR
and WIR (proposed by Fatima and Ahmad [8]) distributions, see Table 5.1.

Table 5.1: The daily mean wind speed data

28 |1 18|32 (50|24 ]48|29]29
23132(123(20]19 ]33 |44]6.7
43119122 (33]21]40 20|31
3813113234 |28]21]31

The Kolmogorov-Smirnov (K-S5) test, which is the one of the widely used good-
ness of fit tests, has been applied to verify that distributions fit to the real data set.
The results of the K-S test indicate that the NWIR, WIR and IR distributions are
suitable for modeling the data set since the computed K-S test values are less than
theoretical K-S test value (K-So.05.31 = 0.24), see Table 5.2.
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Then, we determined which distribution better fits the real data set using model
evaluating tests, i.e., the root mean square error (RMSE), the coefficient of deter-
mination (R?), In-likelihood (In L) and the Akaike information criterion (AIC).

The tests results demonstrate that the NWIR distribution gives a better fit to
the data set compared to the WIR and IR distributions because it has minimum
RMSE and AIC and maximum R? and In L values among the other distributions
(see Table 5.2 and FIG. 5.1). Additionally, it was observed that there is no difference
between the fitting performances of the WIR and IR distributions for the wind speed
data (see FIG. 5.1).

Table 5.2: The ML estimates of parameters and results of the K-S test, RMSE, R?,
In L and AIC for the wind speed data

Distribution & A K-S RMSE R? InL AIC
NWIR 3.7934 | 17.1586 | 0.0971 | 0.0532 | 0.9687 | -41.2814 | 86.5629
WIR 0.0100 7.1969 | 0.2398 | 0.1162 | 0.6691 | -48.7263 | 101.4525
IR - 7.2331 | 0.2393 | 0.1158 | 0.6729 | -48.6648 | 101.3290
0.6
[ Ipata
05F —NWIR]| ]

—WIR
= R

Fitted pdfs
o
w

AN

0.1r \\ 1
\QE:
0
1 2 3 4 5 6 7

Wind speed data

F1c. 5.1: Fitted plots and histogram for the data

6. Conclusion

In this study, a new weighted IR distribution based on two different weight func-
tions has been introduced. Moments, the moment generating function, survival and
hazard rate functions, order statistics and entropy measures of the new distribution
have been derived. The estimating equations have been provided in order to obtain
ML estimates of the individual parameters, and the Fisher information matrix has
been derived in order to obtain approximate confidence intervals of the parameters.
The relationship between the NWIR distribution and the Gamma distribution has
also been proved.
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The applicability and superiority of the proposed distribution over the WIR and

IR distributions have been illustrated with real data. Therefore, the NWIR distri-
bution can be considered as an alternative model for the statistical data analysis in
wind speed studies and other fields.
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Abstract. Two different random environment INAR models of higher order, precisely
RrNGINARmax(p) and RrNGINAR(p), are presented as a new approach to modeling
non-stationary nonnegative integer-valued autoregressive processes. The interpretation
of these models is given in order to better understand the circumstances of their ap-
plication to random environment counting processes. The estimation statistics, defined
using the Conditional Least Squares (CLS) method, is introduced and the properties
are tested on the replicated simulated data obtained by RrNGINAR models with dif-
ferent parameter values. The obtained CLS estimates are presented and discussed.
Keywords: Random environment; INAR(p); RrNGINAR; negative binomial thinning;
geometric marginals; conditional least squares.

1. Introduction

One of the latest and most significant approaches to the modeling of count processes
was designed by introducing integer-valued autoregressive (INAR) models almost
simultaneously by [7] and [2]. This breakthrough in the analysis of integer-valued
time series was a consequence of using a new thinning operator. Namely, the de-
terministic part of a process random variable was calculated using the realization
of a Bernoulli counting sequence limited by the process realization in the preceding
moment. This way of modeling was simply more natural and intuitively justified,
so it led to much better results in fitting the counting processes than other models
known at that time. This was followed by many modifications and generalizations.
Some authors considered the thinning operator ([3], [6], [17, 18] and [13]), while
others focused on marginal distributions ([8], [1], [4] and [5]). Also, as an alter-
native to the NGINAR(1) process from [13], a zero-inflated NGINAR(1) process
was considered, which is given in [14]. In order to obtain more suitable models for
processes of higher correlation between distant elements, INAR models of higher
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2010 Mathematics Subject Classification. Primary 62M10
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order were introduced. The most operative approach was developed in [16], where
X, as a process value at time n was defined using p possible preceding random
values X,,_;, for i € {1,2,...,p}, each with a certain probability. This inspired the
construction of models presented in [10] and [9]. So, the evolution of INAR models
continued.

All the models listed above corresponded only to stationary counting processes.
In many applications, this was found as a frequent limitation. Recently, random
environment INAR models, whose marginal distribution depends on random circum-
stances, have been introduced (more details about these models are given below).
However, the conditional least squares (CLS) estimators of random environment
INAR models parameters have not been considered so far. Therefore, in this pa-
per, we obtain CLS estimators and test them on the simulated values from the
corresponding random INAR model.

Using as a starting point some ideas from [15], [11] defined the r-states random
environment integer-valued autoregressive process of order 1, denoted as (RrIN AR(1)).
It is given by

Xn-1(Zn-1)
Xn(Zn) = Z Ui+5n(Zn—laZn)a HEN,

where

sn(Zn—th) = Z Z sn(zlaZ?)I{Zn,lzthn:zzL

21:1 22:1

{U;}, i € N, is a counting sequence of independent and identically distributed
(ii.d.) random variables generating a thinning operator, {Z,}, n € Ny is an r-
states random environment process defined as a Markov chain taking values in
E.={1,2,...,r}. Further, {e,(4,5)}, n € Ny, i,j € E,, are sequences of i.i.d. ran-
dom variables, for which {Z,}, {e,(1,1)}, {en(1,2)}, ..., {en(r,7)}, are mutually
independent, for all n € Ny, and Z,, and €,,(i,7) are independent of X, (l), for
n < m and any ¢, j,! € E,. In order to obtain more efficient INAR modeling, a new
random environment INAR(1) process with one-step-ahead determined marginal
distribution was introduced in [11]. As can be seen, this process is non-stationary,
which makes it more applicable in practice. Adapting the process to more dynamical
counting data, the authors specify geometric marginals and the negative binomial
thinning operator ax, which was utilized for construction of the NGINAR(1) model
introduced in [13]. This resulted in the r-states random environment INAR(1)
process with determined (z,—guided) geometric marginal distribution based on the
negative binomial thinning operator (RrNGINAR(1)) given by

(1.1) Xn(zn) =a*x Xp—1(zn-1) + €n(zn-1,2n), n €N,
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where a € (0,1), the counting sequence {U;}, i € N, incorporated in asx, makes a
sequence of i.i.d. random variables with the probability mass function (pmf) given
by

au

(14 a)utt”’
and finally the process pmf is defined as

P(UZZU)Z UEN(),

x
Hz,

(1.2) P(Xp(zn) = ) = (1 + s, )or

r € Np,
where p,, € {p1, p2, ..., -t and 7€ N.

1.1. Interpretation of the random environment INAR processes of
higher order

Continuing the efforts towards the optimal fitting of the counting processes, models
of higher order were introduced in [12]. Two approaches were used, which we discuss
in what follows.

Definition 1. Let z, be the realization of a random environment process {Z,} at
the moment n > 0. We say that {X,,(zn)}nen, is an INAR process with r-states
random environment guided geometric marginals based on the negative binomial
thinning operator of mazimal order p (RrNGINARmazx(p)), p € N, if the random
variable X, (zy) is defined as

ax Xn_1(2n—1) + en(2n-1, 2n), w.p. d)épn;’
ax Xy o(zn_2) +en(zn_2,2n), w.p. ¢35,
(1.3) Xn(zn) = 2( 2) ( 2 ) p '¢2

a* Xn_p, (Zn-p,) +en(Zn_p,,2n), w.p. gi)z(,’;"),

forn =1, where
Do = { P, Py 2D,
" prs Pn <D
ph = max{i €{1,2,...,n}: zp—1 = 2p—o =+ = z,—;} and the following condi-
tions are satisfied:
L") >0, i e{1,2,...,pa}, X2y 6 =1,
2. a € (0,1) and the counting sequence {U; }ien of the negative binomial thinning
operator ax has pmf P(U; = u) = W, uwe{0,1,2,...},
3. P(Xp(2zn) =) = U—Hi%’ x€{0,1,2,...}, where pi, € {u1,p2, ..., pr},
w; >0, i €{1,2,...,r} and r € N is the number of states of the random environ-
ment process {Zn},
4. for fixzedi,j € E. = {1,2,..,7}, {en(i,7) }nen is a sequence of i.i.d. random
variables,
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5. {Zn}, {en(1, 1)}, {en(1,2)}, ..., {en(r,7)} are mutually independent sequences
of random wariables,

6. X, (1) is independent of Z,, and £,,(1,7), for 0 <n <m and any i,5,l € E,.

Definition 2. Let z, be the realization of a random environment process {Z,} at
the moment n > 0. We say that {X,,(zn)}nen, is an INAR process with r-states
random environment guided geometric marginals based on the negative binomial
thinning operator of order p (RrNGINAR1(p)) if the random variable X, (zy,) is
defined as

a*x Xp_1(2n-1) + &n(2n-1, 2n), w.p. qﬁgp";,
(Pn.
ax X, o(zn—2)+en(zn_2,2n), w.p. ,
Xn(Zn) 2( 2) ( 2 ) p ?172

a* Xn_p, (2n—p,) +€n(2n—p,, 2n), w.p. ¢1(7ﬁn)7

forn =1, where
pp=4 P o
" L, p,<p,

pf=max{i € {1,2,...,n}: 21 = 2n_2="-- = 2z,_;} and conditions 1 — 6 from
Definition 1 are satisfied.

Since the distribution parameter values of the processes may vary over time, it
could happen that each of the equations (1.3) and (2), at a certain moment, contains
differently distributed X,, random variables, which would make the models pretty
complicated to work with. In order to avoid this, each of these models is defined
with the ability of changing the number of possibilities (possible expressions) on
the right side of the equation. So, the process introduced by Definition 1 has a
fully variable order, possibly taking all the values from 1 to p. When the process
random state changes, then the order of the process becomes equal to 1 and then
starts rising successively, until it reaches p (when the process takes shape of the
model of fixed order), or the state changes again. However, for the process given by
Definition 2, the order takes one of two possible values. Namely, every time the state
changes, the order becomes equal to 1 and it remains the same until there is a series
of enough (p) previous process elements corresponding to the same state, when the
order becomes equal to p. By virtue of these qualities, these processes are the most
suitable for counting, for example, some elements of the observed unstable system or
some random events recorded in a variable environment. In each case, certain area
conditions or random circumstances may affect the dynamics of the interactions
in the observed populations, which further affects the values of counts. So, the
finite number of possible combinations of circumstances in which the population is
observed is represented by the finite number (r) of random states and is modeled
by the Markov process {Z,}. Its realization {z,} directly determines the value
of the selected marginal distribution. Hence, while being in the same state z,,
the process behaves as a stationary one with the marginal parameter value pu.,,.
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Nevertheless, its non-stationarity comes from changing its mean parameter value
[z, , which is directly guided by {z,}. So, the counting process is basically piece-
by-piece stationary, where each piece is as long as the random process {Z,,} remains
in the same state, i.e. the population circumstances do not change.

2. Conditional least squares estimators

Let {X,(z,)} be the RrNGINARmax(p) or RrNGINAR;(p) time series model.
In order to apply Theorem 2 from [12] we have to suppose conditions from that
theorem. Let p; > 0, uo > 0, ..., pr > 0 and let us suppose that 0 < o <

min{l_w kileFE v, zn=17] andzn 1 =1, for i, 5 € E,. Now, recalling the men-

tioned theorem, the conditional expectation of the random variable X,, for given
Xn—17 )(n_g7 ceey Xn—pn is

E(Xp|Hy 1) = pj — opui +a2¢“"" et

where H,,_ represents o-algebra generated by X,,_1, X;,_2, .... Now, if we define

new parameters as Hl(z") = aqﬁl(p"), for 1 € {1,2,...,pn}, then o = > 1", g(pn and
consequently

E(Xu|Huyo1) = pyj—api + 07 Xy + 09 X0 o+ 409X,
Pn

= >0 s+ 0 Xy + 0 Xy o+ 0P X,
=1

Let k € E,, pp, = p and Ji = {n € N|X,,, X1, .0, Xnn_p, € UP}, where UF)
represents the process subsample which consists of all the elements corresponding
to the same state k. In conducting the conditional least squares (CLS) estimation,
the aim is to minimize the following sum of squares

(2.1)
p 2
Qg\’;)(a) = Z (Xn — M5 — Zﬂl(p)ul — 9§p)Xn_1 — Gép)Xn_g i eép)Xn—p> s
neJy =1

) 9(1)

with respect to the vector a = (6%, 6, O pr)'. This is achieved by solving
(95

the system g’Q(;x =0, a(?({f) =0,. % = O7 5 = 0. Since the summation in the
previous expression is over the set Jj, it holds that X,, X;,_1,..., Xsu—p € U®) and
Zp = Zp—1 = ... = Zn—p = k. So, considering the process on the subsample U®) | we

deal with the CGINAR(p) model introduced in [10]. Therefore, the corresponding
results and equations obtained for the CGINAR(p) model can be used here. Thus,
we have

1 —(0) = (k)<=(0)
(2.2) Py = ——— ) (X —> 05X,
1- i=1 91 N i=1
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where

|ZXTLJ7 36{01 }

neJy

Replacing (2.2) in (2.1) the system becomes

P
(2.3) Z (=4 =7"1D), 1=1,2,...,p,
where
~k . el (J)
’Y(”_.]D ‘ ‘ZX’YL anj_X X
neJy
Solving it gives us §(p) = D*, J=1,2,...,p, where D} and D* are the appropriate

determinants from Kramer s method. Substituting the last equations in (2.2) we
get

*

ﬁkCLS ;D;‘ ‘Z Z* ‘ZX”J

1- ]ij:l D* neJy neJy
Therefore,
P D>¢5
2.4 ~(k),CLS _ =1"J
(24) a el
~(k),CLS D} )
SIS — e {1,2,...,p).
’ j=1D;j

Finally, using the preceding results for each k € {1,2,...,7}, it is only left to calcu-
late the weighted thinning parameter and the weighted probabilities, respectively,
as

> ey | Jl@ oS

22:1 |Jk| ’

(2.5) als =

¢CLS _ Zk 1 |J |¢ (k),OL5
Zk:l |Jk| 7

which represent the required estimators.

(2.6)

Based on Lemma 6, from [10], the estimators acls, ﬁkCLS and are asymp-

totically almost surely equivalent to the corresponding Yule-Walker estimators. So,
the strong consistence of the Yule-Walker estimators, proved in [12], implies the
strong consistence of the here observed CLS estimators.

o
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3. Simulation results

In this section we try to confirm the correctness of the introduced CLS estimators.
With that in mind, we have simulated 100 replicates of realizations of the processes
RrNGINARmax(p) and RtNGINAR; (p), each of size 10000. Parameter values for
Q, P, T, by Pmat and @ are chosen and then the corresponding models are simulated.
The transition probability matrix of the random environment process is denoted by
Prmat, and p is a vector of means. In the case of Rr-NGINARmax(p) model, the p,th
row, p, € {2,...,p}, of the matrix ¢ contains probabilities ¢§p")7 ie{l,2,...,pn}
and in the case of RtNGINAR,(p) model, the last row represents probabilities
(;Sz(-p), i € {1,2,...,p}. The simulated realization of random environment process,
{zn}, is obtained using p,,q+ and then the sequence {p,} is specified based on the
corresponding definition. We have considered six different cases of chosen parameter
values and presented all the results in the appropriate tables. Also, we have decided
for the same parameter values as in the case of Yule-Walker parameter estimation
discussed in [12]. There are three tables. In the first one we have p = 2,7 = 2,
in the second p = 3,7 = 2 and in the last p = 3,7 = 3. In the first table, for
r = p = 2 we considered different choices of other parameters. The larger a gives
better estimates for probabilities qﬁgp ") The higher diagonal values of p,,q: ensures
longer subsamples and, consequently, better results. Also, the higher values of p
and r implies more subsamples and, therefore, a larger number of them and smaller
sizes, which gives us worse results for the same samples size. Finally, for the small
sample sizes it is possible to have very small subsamples and to get bad results.

Table 3.1: r =2, p=2

True values p = (1,2), « = 0.3, ¢ = {0%6 094 s Prat = [82 8;]
" ACLS  agLS | aOLS  ggLs  goLs | GO0LS  gops  GOLs
500 1.0100  1.9964 | 0.3359  0.6900  0.3100 | 0.2963  0.6207  0.3793
SE 0.1195 0.2214 0.1751 0.2451 0.2451 0.1557 0.3836 0.3836
1000 1.0119  1.9976 | 0.3307  0.6248  0.3752 | 0.2896 0.6127  0.3873
SE 0.0797 0.1373 0.1176 0.1364 0.1364 0.1187 0.1229 0.1229
5000  1.0024  2.0047 | 0.3026 0.6048 0.3952 | 0.2978 0.5984  0.4016
SE 0.0354 0.0600 0.0478 0.0595 0.0595 0.0565 0.0579 0.0579
10000 1.0016  2.0072 | 0.3020 0.5990  0.4010 | 0.2956  0.6029  0.3971
SE 0.0249 0.0429 0.036 0.0386 0.0386 0.0406 0.0393 0.0393
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Table 3.2: r =2, p=2
1 0 0.8 0.2
True values u = (1,2), « = 0.15, ¢ = =
l’l/ ( ) )? ) ¢ 05 0 5 ) pmat 02 08
n ﬁchS ﬁQCLS aCLS (520%5 $QC%S aCLS (520%5 (520%5
500 0.99609 2.0089 | 0.1735 -0.3945 1.3945 | 0.1679 0.2434  0.7566
SE 0.1014 0.1588 0.1451 15.064 15.064 0.1389 2.2148 2.2148
1000 0.9977  2.0143 | 0.1475  0.5418  0.4582 | 0.1547 0.3885 0.6115
SE 0.0666 0.1259 0.0966 0.4849 0.4849 0.0878 0.9751 0.9751
5000 1.0045  1.9993 | 0.1505 0.4970  0.5030 | 0.1508 0.4893  0.5107
SE 0.0360 0.0618 0.037 0.1008 0.1008 0.0384 0.1113 0.1113
10000 1.0024  1.9981 | 0.1494  0.5039  0.4961 | 0.1514 0.4964  0.5036
SE 0.0252 0.0425 0.027 0.0702 0.0702 0.0297 0.0682 0.0682
Table 3.3: r =2, p=2
1 0 0.5 0.5
True values u = (1,2), « = 0.3 = =
n=(12), P= o6 04]'Pmet = |05 05
n aCLs agrs 4CLS FgLs 3gLs &CLS FgLs 3gLS
500 0.9957  2.0003 | 0.3322 0.7480  0.252 | 0.3075 0.6919  0.3081
SE 0.0996 0.1919 0.1192 2.8876 2.8876 0.0988 0.5416 0.5416
1000 0.9928  2.0004 | 0.3108 0.6208 0.3792 | 0.3036 0.6556  0.3444
SE 0.0732 0.1345 0.0892 0.5292 0.5292 0.0837 0.3017 0.3017
5000  1.0019  2.0008 | 0.3037 0.5973  0.4027 | 0.2976 0.5931  0.4069
SE 0.0414 0.06231 0.0380 0.0894 0.0894 0.0387 0.0818 0.0818
10000  0.9993  2.0030 | 0.3020 0.5904  0.4096 | 0.2985  0.5929  0.4071
SE 0.0245 0.0418 0.0264 0.0702 0.0702 0.0284 0.0633 0.0633
Table 3.4: r =2, p=2
1 0 0.7 0.3
True values u = (4,5), « = 0.5, ¢ = =
= (45), =106 04| Pmet =03 0.7
n [ZchS ﬁQCLS aCLS (;20%5 (;20%5 &CLS $QC%S $QC%S
500 3.9973  5.0266 | 0.5277 0.6094 0.3906 | 0.5151 0.6108  0.3892
SE 0.4207 0.5014 0.1589 0.1595 0.1595 0.1364 0.1420 0.1420
1000  3.9776  5.0367 | 0.5166 0.5973  0.4027 | 0.5109  0.5927  0.4073
SE ] 0.3344 0.3312 0.1009 0.0975 0.0975 0.1100 0.0935 0.0935
5000  3.9923  5.0179 | 0.4960 0.5944  0.4056 | 0.5031 0.5867  0.4133
SE 0.1340 0.1635 0.0559 0.0417 0.0417 0.0638 0.0513 0.0513
10000  3.9947  5.0157 | 0.4997 0.5931  0.4069 | 0.5050 0.5935  0.4065
SE 0.0985 0.1157 0.0398 0.0285 0.0285 0.0428 0.0391 0.0391
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Table 3.5: r=2,p=3

100 0.8 0.2]
True values p = (1,2), =03, 6= (0.6 04 0 |, Prmat = 02 0.8

0.5 0.3 0.2 ’ e
n a0LS [agLs [[aCLs [agLs [agks [a9Ls [a9LS [35kS [[aCLS [a§ES [5%S 35LS
500 1.0025 1.9650 0.3139 0.5793 0.4207 0.6083 0.2945 0.0972 0.3022 0.0761 0.3122 0.6118
SE 0.1186 0.1981 0.171 1.5608 1.5608 0.7284 0.2673 0.7066 0.1032 3.5502 1.1115 3.6095
1000 1.0023 2.0057 0.3094 0.6659 0.3341 0.5140 0.3125 0.1735 0.2958 0.5485 0.2607 0.1908
SE 0.0808 0.1338 0.0988 0.5715 0.5715 0.1731 0.1701 0.1455 0.0735 0.2608 0.2818 0.1948
5000 0.9951 2.0011 0.3058 0.6155 0.3845 0.4902 0.3026 0.2072 0.2985 0.4941 0.3095 0.1964
SE 0.0335 0.0652 0.0477 0.1239 0.1239 0.0669 0.0610 0.0677 0.0347 0.0729 0.0751 0.0591
100000.9995 [2.0019 |[0.3009 [0.5924 |0.4076 [0.4970 [0.2972 [0.2058 |[0.2983 [0.4943 [0.3113 | 0.1944
SE 0.0257 0.0461 0.0329 0.0787 0.0787 0.0506 0.0460 0.0514 0.0248 0.0500 0.0503 0.0434

Table 3.6: r=3, p=3
1 0 0 0.7 0.2 0.1
True values p = (1,1.5,2), 0 =03,¢p= {06 04 O |, pmar = |0.1 0.7 0.2
0.5 0.3 0.2 0.1 0.2 0.7

n ﬁICLS ﬁgLS ﬁgLS aCLS "g‘fs "ggs "gfs "gés A??,és aCLS "gfs "gés "g?L’S
500  [0.9749 [1.5187 [2.0151 |[0.3331 [0.9811 0.0189 [0.9537 [0.3139 [0.2675 |[0.3027 [0.5286 [0.2473 | 0.2241
SE  [0.1527 [0.1659 [0.2519 |[0.1341 [2.1042 [2.1042 [2.8729 |1.6246 |4.3460 |[0.0990 [0.5116 [0.8627 | 0.7784
1000 [0.9886 |1.5182 [1.9855 |[0.3143 [0.7626 [0.2374 [0.4260 [0.6499 [0.0759 |[0.3010 [0.5560 [0.2774 | 0.1666
SE  [0.1051 [0.1161 [0.1819 |[0.1000 [0.8830 [0.8830 [0.7415 [2.3627 |1.9789 |[0.0638 [0.5080 [0.4014 | 0.5072
5000 [1.0025 [1.5043 [1.9918 |[0.3047 [0.6003 [0.3997 [0.5133 [0.2923 |0.1944 |[0.3018 [0.5003 [0.3050 | 0.1947
SE  [0.0516 [0.0572 [0.0785 ||0.0458 [0.1328 [0.1328 [0.1031 [0.0999 |0.0982 |[0.0271 [0.0970 [0.1020 | 0.1070
10000 [1.0038 [1.4999 [1.9961 |[0.2988 [0.5984 [0.4016 [0.4998 [0.2970 |0.2032 |[0.3032 [0.4955 [0.3087 | 0.1958
SE  [0.0335 [0.0390 [0.0562 ||0.0290 [0.0874 [0.0874 [0.0572 [0.0635 |0.0561 |[0.0191 [0.0714 [0.0678 | 0.0629
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4. Conclusion

Varying the sizes of the simulated samples, we have noticed quite a similar behavior
of the here obtained estimates compared to those obtained by the Yule-Walker
statistics, thus confirming the asymptotical equivalence mentioned at the end of
Section 2. Also, the convergence of the obtained estimations to the real parameter
values, which is easy to observe in all the following tables, confirms the strong
consistency of the conditional least squares estimators.

-~

Some negative values for d)ggs are obtained when the sample size is small, which
is induced by the model properties. Namely, ¢33 represents the probability that
Xn(2zn) will depend on X,,_3(2z,—3). In this case ¢33 = 0.2, so the portion of
the data from which we can obtain (;A53C§S is approximately 0.2. However, another
”reduction” of the data occurs since all estimators are defined on the subsamples
with the same state. So, in this case, the subsample is too small to get a good
result. By enlarging the data size, ¢§'§° converge to the true value. This effect of
the small subsample also results in the large values of standard deviations for the

small sample size.
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Abstract. We obtain a list of all simple classes of singularities of curves (irreducible
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1. Introduction

Motivated by the importance of the locus of points on a hypersurface where a
given vector field is not transversal to it, Vladimir Zakalyukin introduced a new
equivalence relation on projections of hypersurfaces which he named quasi equiva-
lence [9]. The relation is more rough than the standard group of diffeomorphisms
preserving a given projection [8]. The difference between the A-equivalence relation
and the quasi relation is illustrated as follows: Let A be the graph of a map f from
R™ to R™ and let m be a trivial fibration structure. If p; and py are two points
on A lying on the same fibre of the projection then they are mapped by 7 to the
same image. This property persists for the A-equivalent maps f;,i = 1,2. However,
this is not the case for the quasi equivalence as p; and ps might be mapped by
a diffeomorphism to different fibres and hence they are mapped by 7 to different
images.

The locus of the points on the hypersurface where a given vector field is not
transversal to it is of importance. One of the possible and interesting applications
for the quasi-projection equivalence relation is used in partial differential equations
(PDE) with boundary value problems. Consider the characteristic method solving
the simplest Cauchy problem for first order linear PDE: Zai(m)g—z = 0, where
u(z) is an unknown function with x € R™ and a;(z) are given functions. The

problem includes the boundary hypersurface S C R™ and the boundary values
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Ulg = Up. Generically, the characteristic vector field v = a;52- a is tangent to S
at some points which are called characteristic. Outside the set K of characteristic
points, the problem has a unique local solution. So the geometry of the set K is
an essential feature of the problem. If we rectify the vector field getting, say 6%17
then the problem of classifying K is exactly to find critical points of the projection
of S along parallel rays. Similarly, in many other complicated PDE boundary
value problems, mainly in continuum mechanics, the generalisation of the Neumann
boundary condition is used.

In [3], the first steps in the study of the quasi-equivalence of projections of
graphs of maps were taken within the approach similar to the one introduced by
Zakalyukin [9]. Two cases were investigated there: maps from R to R? and maps
from R? to R? (see [6] and [8] for the corresponding results for the A-equivalence).
In the current paper, we consider irreducible and reducible curve singularities in
a linear real space of any dimension and give the list of stably simple classes with
respect to the quasi equivalence (see [2] and [5] for the corresponding results for the
A-equivalence).

The paper is organized as follows. In Section 2 we review the definition of the
quasi-equivalence relation of the projections of hypersurfaces and recall the main
results from [9] which are needed in the next sections. In Section 3 we introduce
the main definition of the quasi-equivalence of maps from R™ to R™ and derive an
algebraic expression for the respective tangent space to a quasi class of mapping.
Then, we recall the classification of quasi-simple singularities of maps from R? to R?
from [3], giving detailed proofs. After that, we classify quasi-stably simple classes
of irreducible curves in R™ . Finally, in Section 4 we classify stably simple reducible
curve singularities with respect to the quasi-equivalence relation.

2. Quasi projections of hypersurfaces

Consider germs of subvarieties V' in the space R? = {(z,y) : x € R™,y € R"},
equipped with the trivial fibration structure, given by the projection 7 : R xR" —
R™, (z,y) — y. When the distinction between x and y is not crucial, we will be
using the notation w = (z,y) for the whole set of coordinates on RP.

Consider germs of C* functions f : (R?,0) — R and denote by C,, the ring of

all such germs at the origin and by M, the maximal ideal in C,,.

Definition 2.1. [9] A point b € V is called critical if the fiber containing b is not
transversal to V' at b. In particular, b can be a singular point of V.

Definition 2.2. [9] Two subvarieties V; and V; in R? are called pseudo equivalent
if there exists a diffeomorphism ® : RP — RP, such that:

(V1) = Vo.
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2. The set of critical points of V; is mapped by ® onto the set of critical points
of Vp.

3. The derivative of ® at any critical point of V3 maps the direction of the
projection to that at the image of the point.

In the current section we consider only the case of analytic hypersurfaces V'
given by a single equation f = 0. Also, we assume the fibers are one dimensional
rzeR, m=1.

Now, suppose that all germs of hypersurfaces in a smooth family V; = { fi = O}
are pseudo-equivalent to Vo = {fo = 0}, hi(fi 0 6;) = fo, t € [0,1], with respect
to a smooth family ®,: (RP,0) — (R?,0) of germs of diffeomorphisms such that
Oy = idrs, ho = 1 and t € [0, 1]. Therefore, the respective homological equation is

_af _ftAt+8ft +Zaft

where the vector field
Y
o: ; 3%
generates the phase flow ®; and A; € C,,.

Let J¢, be the ideal in C,, generated by % and f;. Denote by Rad(Jy,) the
radical of Jy,. Recall that the radical of an ideal is the set of all elements in C,,,
vanishing on the set of common zeros of germs from that ideal. Denote by I.Jy,
and IRad(Jy,) the integral of Jy, and Rad(Jy,), consisting of all function germs ¢
such that the partial derivative of ¢ with respect to  belongs to Jy, and Rad(Jy, ),
respectively.

Proposition 2.3. [9] The components of vy satisfy the following
X(t)€Cy,  and  Yi(t) € [Rad(Jy,).

In general, the radical of an ideal behaves badly when the ideal depends on
a parameter (see [4]). Therefore, we modify the pseudo-equivalence relation since
it does not satisfy the properties of a geometrical subgroup of equivalences in J.
Damon sense and hence the versatility theorem can fail [7]. Namely, we replace
Rad(Jy,) by the ideal Jy, itself in the equivalence definition.

Definition 2.4. [9] Two subvarieties Vo = {fo =0} and V5 = {f1 = 0} in R? are
called quasi equivalent if there is a family of smooth functions h; which depends
continuously on parameter ¢ € [0,1] and a continuous piece-wise smooth family of
diffeomorphisms ®; : RP — RP also depending on ¢ € [0, 1] such that:
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1. ht(ft o (I)t) = fo7 (PO = idRp, ho =1.

2. The set of critical points of V; is mapped by ®; onto the set of critical points
of Vp.

3. The components of the vector field v; generating ®; on each segment of
smoothness satisfy the following: X (¢t) € C,, and Y;(t) € IJy,.

Remarks 2.5.

1. The module I.Jy, is defined precisely as the set of elements of the form

- o/,
e+ /0 (e + b,y

where a;,b; € C; , and e; € C,,.
2. If two subvarieties are equivalent with respect to the standard projection

equivalence then they are quasi-equivalent, since functions independent of
x are in IJ; for any f.

The classification of simple classes of quasi-projections of hypersurfaces in low
dimensions is given by the following theorems, the proof of which is based on the
classification of V.V. Goryunov [8].

Theorem 2.6. [9] For n = 1 the list of simple classes is the same as for the
standard group of foliation-preserving diffeomorphisms of the plane acting on the
germs of curves:

Ap: f=a 4y k>0,

By: f=22%y* k>2,

C: f:asy+:z:k, k>3,

Fy: f=2%442

Theorem 2.7. [9] For n =2 the list of simple quasi-projections of regular hyper-
surface singularities consists of
Ap: f=a" x4y, k>0,
Bp: f=2+yizty, k>2,
Ck : f:l‘k'H +y%1:+y2, k>3,
Fy: f=2'+y%z +ys.
The list of simple quasi projections of singular hypersurfaces is
Z7k>07 D;76>47 E:7S:67778: f:x2+g(y17y2)
where g is one of the standard simple ADE function germs in y,
Az f=a g+ s,
AP F=at gkt R k> 2.
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3. Quasi equivalence relation of maps from R™ to R"

Consider a C* map germ F : (R™,0) — R", =z = (z1,...,Zm) — y =
(Y15--sYn), ¥i = fi(z), where f; : (R™,0) — R is a smooth function-germ. De-
note by C7* the space of all such maps. Since C]"' is a vector space, sometimes its
elements will be written as column vectors:

i
f2

f:(f17f27"~7fn)t: .

In

Let Ap be the graph of F', thatis Ap = {(Ly) cy = filw),i = 172,...,71} C RP.

Definition 3.1. Two map germs Fy and F; are called quasi equivalent if there
exists a diffeomorphism germ ® : (RP,0) — (RP?,0), such that ®(Ag,) = Ap, and
the derivative of ® preserves the direction of the projection at the points which lie
on AFl .

Remarks 3.2.

1. The quasi-equivalence is an equivalence relation.

2. Clearly, if two map germs Fy and Fj are A-equivalent then they are quasi-
equivalent.

Denote by Qg the quasi-equivalence class of a map germ F' and call it a quasi
orbit. Then, the tangent space TQp to @ has the following description.

Lemma 3.3. TQpr is the set of all expressions of the form

ofi 91 Ofh y Y
G P o X Y1
2 f2 2
oxq Oxzo e OLm X2 + Y2
. 7
Oz Oxo e OTm Xm Yn

where

oY; K, 0Ofs L .
= A =——, d X1,Xo,...,Xm € Cy,
0xj zzl 0xj an ! 2

with A € Cy for all i and j.
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Proof. Introduce a family ®; of diffeomorphism germs depending on a param-
eter t € [0, 1] of the form

@, : (R™ x R",0) = (R™ x R",0),w (Xl(t), e X (1), YA (D), .. .,Yn(t))7

such that ®y = idgmypn. Let V; = Z X, 2 B + > Yia%. be the vector field gener-
i=1 ¢

ating ®;, where X, = ngl and Y; = 8632. Let a1 = %412 = 8%27 ey Oy = M be
the basis of the vector space R™. Then, the family of the vector fields ®} preserves

the direction of the projection if the following relation is satisfied

(3.1) O (a;) = Y Nja,
j=1

where \; € C,, and also depending ont € [0,1]. Let Vo = > Xi(O)a%i—l—Z Y;(0) -2

where X;(0) = 2X:

o and Y;(0) = 2%

ot

t=0 t=0"
If we differentiate (3.1) with respect to t and substitute ¢ = 0 then we obtain

m

(3.2) Vo, ai] = > A(0);a5,

Jj=1

where [.,.] is the Lie bracket and );(0) = 24 _o- In fact, (3.2) is equivalent to

j=1

(9Y
(3.3) (Z 03% 033 — ox; 0ys> ZA

Therefore, (3.3) implies that X,.(0) € C,, and 8};;(?) =0, for all r and s.

Now assume that all map germs in a smooth family F; depending on ¢ € [0, 1]

are quasi equivalent to Fp, with respect to ®;. Then, from Definition 3.1 we see

BYs( )

that derivatives belong to the radical of the ideal defining the graph Ay of

Fy. Therefore,
Y (0)
8952»

where I is the ideal generated by y; — fj, j = 1,2,...,n. Note that Rad(I) =
Hence, we have

€ Rad(I),

(3.4)




Quasi Mapping Singularities 543

where By € Cy.

Denote by I? the square of the ideal I. Using the Hadamard Lemma, we can
always write

(3.5) Yo(0) =Y+ ) (55— £1)Asj + b,
j=1

where Y, € Cy, Asj € Cy and ¢ € I%. Differentiation of (3.5) with respect to z;

and using (3.5) followed by the restriction of 8}55_;0) to the surface by setting y; = f;

yield that

Y, ~~0fi+
8xi _;8@145‘7

where Zsj € C,, as required. [

Following [1], we call a map germ F : (R™,0) — R™ simple if its sufficiently
small neighbourhood in the space of all map germs from (R™,0) to R™ contains
only a finite number of quasi-equivalence classes.

3.1. Classification of simple mappings

We start this subsection with recalling the classification of simple singularities
of quasi-mappings from R? to R? from [3], giving details of proofs of main results.
After that, we classify simple irreducible curve singularities in R™ with respect to
the quasi-stably equivalence relation.

3.1.1. Simple quasi classes of mappings from R? to R?

Classification of simple quasi-singularities of mappings from R? to R? is as fol-
lows.

Theorem 3.4. [3] Let a map germ F : (R%,0) — R2, (21, 22) = (y1,2), be simple
with respect to the quasi-equivalence relation. Then, F' is quasi-equivalent to one of
the following:

Notation Normal form Restrictions
Ay (xg,xlfH + x129) k>0,
By, (z2,23 + 2531) k>2
Ch (xg,x’fH + 2212) k>2
Fy (w2, 2] + 2371)

Ay (2 + 23, 2179)
As (r179, 73 + 23)
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To prove Theorem 3.4, we need the following auxiliary results.

We first treat the case when the co-rank of F' is one. In this case and up to the
A-equivalence relation, we will assume that F has the form (22, f), where f € M2.

Let F; : (R%,0) — R2, (21, 22) = (22, f;), be a family of quasi-equivalent map
germs at the origin, preserving the first component, where ¢ € [0,1] and f; €
M2. Consider the family of regular germs V; = {(.1717’!/17:[/2) LY = To, Yo = ft}7
equipped with trivial fibration structure 7 : Ry, X R; — Rz.

Lemma 3.5. The quasi classifications of (z2, fi) reduces to the classifications of
(Vi, ) with respect to the quasi-equivalence relation, introduced in Definition 2.4.

Proof. Note that the Y; summands in TQp, satisfy the following

oy,  of,
(3.6) 02, 9o,
and
v . Of
(37) am2 - Az + a—{L'2B“

for some A;, B; € C, and i € {1,2}. Since A; is an arbitrary smooth function, (3.6)
and (3.7) imply

1 o,

Y, = D;
+ 81

B d.’L‘l,

where D; € C;,. On the other hand, from the first row of the homological equation
aFt =M, M € TQF,, we have Y, = —Xz, where X5 € C,. Hence, the second row

takes the form

COf _ Oy O

X1 — 225 + Vs,

(3.8) ot O oy

where X; € C,. Note that the elements on the right side of (3.8) are exactly those
belonging to the tangent space T'Qy, at the regular germs (V;, 7) with respect to
the quasi-equivalence relation, and the result follows. [

Now assume that F' has co-rank 2. Then, using the A-equivalence relation, one
can show the following.

Lemma 3.6. The adjacency of the 2-jets of map germs F' is

I (a24ad xyx0) « 11 : (2129, 27) < (IT1)F @ (234232,0) < V : (22,0) « IV : (0,0).
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Remark 3.1. Classes in Lemma 3.6 remain non-quasi-equivalent.

Lemma 3.7. 1. If the 2-jet of F is equivalent to (z? + 23,0) then F is non-
simple with respect to the quasi equivalence relation.

2. If the 4-jet of F is equivalent to (z179, 7% + ax123 + Bx3), a # 0,8 # 0, then
F' is non-simple with respect to the quasi-equivalence relation.

Proof.  For the first part of the Lemma, consider the homogenous mapping
F3 = (2% £ 23, f3) where f3 = 23 + axizs + Bx123 + ya3. Then, TQF, is the set of
all expressions of the form

2$1X1 :|:2.’L‘2X2 +Yv1
X1+ 5L X+ Y,

where X 1, X5 € C, and the Y; summands satisfy the following constraints

oY; dfs aY; dfs
02, =2z A; +a 1BZ and g = +2x5A4; +a o

B;,

for some A;, B; € C,. Notice that the 3-jet of Y; is a;(z? £+ 23) + b; f3, where
ai,b; € R. Therefore, the 3-jet of T'QF, is generated by the vectors:

af 0fs af:
v = (21:%73310—;1))’1} (Qaslasg,xga 1) = (+2z 3, 25 2)
0
vg = (£2x129, 21 =— Js ), 5 = (0, f3),v6 = (23,0),v7 = (z%29,0),

83:2

vy = (z123,0),v9 = (asg,O),vlo = (27 £ 23,0),v11 = (0,27 + 3).
These vectors form a subspace of dimension at most 11. The dimension of the
space of the 3-jets of co-rank 2 mappings is 14 which is greater than the subspace

dimension. This means that the germ F3 is non-simple with respect to the quasi
equivalence relation.

Similarly, we can prove the second part of the Lemma. O

Proof of Theorem 3.4. Firstly, suppose that the co-rank of F' is one. Then,
Lemma 3.5 and Theorem 2.7 imply that if F' is simple then it is quasi equivalent to
one of the following: (z2, 2™ + z120), k >0, (z2,23 + 25x1), k> 2, (29, 2V +
2219),k > 2 and (22, 2} + 2321).

Next, let the co-rank of F' be two. Then, Lemma 3.6 and Lemma 3.7 yield that
all simple quasi singularities are among map germs whose 2-jets are quasi equivalent
to either (2% & 23, x122) or (z122,2%). Using Arnold’s spectral sequence method
[1], one can easily prove the results below.
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e If Fis a map germ with the 2-jet (23 + 22, x122), then F is quasi equivalent
to
AT (23 £ 22,z 20).

o Let F = (mlmg + f,2% + g), where f,g € M2. If g contains a term aws, then
F is quasi equivalent to As : (mlmg, 22 4+ z3). Otherwise, in the most general
case, I’ is equivalent to a non-simple germ, by Lemma 3.7. This finishes the
proof of Theorem. O

3.1.2. Quasi-stably simple classes of irreducible curves in R”

Recall that an irreducible curve at the origin in R™ can be described by a germ
of an analytic map F : (R,0) = (R™,0), z =y = (y1 = f1(z),y2 = fa(2), ..., yn =
fn(z)). Following Arnold in [2], we introduce the following.

Definition 3.8. An irreducible curve is called quasi-stably simple if it is simple
with respect to the quasi-equivalence relation and remains simple when the ambient
space is embedded into a larger space. Two curves which are obtained one from the
other by such embedding are called quasi-stably equivalent.

Remark 3.2. By the codimension here and below, we mean the codimension in
the space of the Taylor series with zero constant terms.

The classification of quasi-stably simple classes is as follows.

Theorem 3.9. Assume that the curve F' is quasi-stably simple. Then, F' is quasi-
stably equivalent to one of the lines Ay : (ask,O), k>1.

Remarks 3.10.

1. Any irreducible curve is either quasi-stably simple (and hence is quasi-stably
equivalent to one of lines, stated in the theorem) or belongs to the subset of
infinite codimension in the space of all curves.

2. The codimension of the class Ay is kn — 1.

Proof of Theorem 3.9. Up to the A-equivalence relation, we may assume
that any irreducible curve has the form F = (mk7f2, .. .,fn), where k£ > 1 and
fi € MF*+1. Notice that the derivatives of the Y; summands in TQ r with respect to
z belong to the ideal generated by 2~ and hence Y; = zFA;, for some A; € C,.
By Arnold’s spectral sequence method, one can easily show that F' is quasi-stably
equivalent to the germ Ay, : (z*,0), k > 1.
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4. The quasi classification of some multi-germs of curves in R"”
We start with recalling the standard notions and basic definitions concerning
multi-germs of curves from [5].
A reducible curve at the origin in R™ is determined by a collection of maps

(R,0) = (R™,0),z —y = (y1,---,Yn)-

Definitions 4.1. A multi-germ of curves in R" is a set G = (F1,..., F;) of germs
of analytic maps F; : (R,0) — (R",0), where Im(F;) N Im (F;)= {0} for ¢ # j (
Fy,F,,... and F, are called components of the multi-germ G).

The group of A-equivalences A = L x Ry X Ry X +-- X R,., where R; is the
i-th copy of the group of the standard right equivalences, acts on the space of
multi-germs G = (F1, ..., F;) by the formula

(¢a<pl7'"7@7’)'(F17"'7F7“):(¢OF10@1_17"'7¢OFTOQO;1%

where ¢ € L and ¢; € R;.

Definitions 4.2. A multi-germ G is called simple if there exists a neighbourhood
of G in the space of multi-germs which intersects only the finite number of A-orbits.
It is stably simple, if it remains simple when the ambient space is immersed in a
larger space.

Definitions 4.3. Two multi-germs G and G in R™ are equivalent if they lie in one
orbit of the A-action.

The tangent space T'A.G to the orbit A.G is equal to TR.G + TL.G. The first

set is the direct sum P 1\/JI$(8£j ) and its elements denoted by matrices where the

=1
i-th column of which corresponds to an element of TR.F;. On the other hand, TL.G
is the set of matrices of the form

3:/11 Y12 e 3:/1r
Yor Yoo ... Yo
Ynl Yn? v an

where Yw =U; o F; and U; € M.
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The quasi-equivalence of multi-germs of curves is defined as follows.

Let FJ : (R’O) — (Rn’0)7 rT—=y = (y17"'7yn)a Yi = fZ]("I:)? 1= 1,...77’L and
denote by A; its graph.

Definition 4.4. Two multi-germs G = (F,...,F,) and G = (Fy,...,F,) in R"

are called quasi equivalent if there exists a diffeomorphism germ @ : (R x R™,0) — (R x R™,0),
such that ®(A;) = ./N\j, for all j, and the derivative of ® preserves the direction of

the projection at the points which lie on A;.

Obviously, the quasi-equivalence of multi-germs of curves is an equivalence re-
lation. By similar consideration and technique which were used in the proof of
Lemma 3.3, we obtain the following description of the tangent space T'Q.G to the
quasi class Q.G of a multi-germ G.

Lemma 4.5. TQ.G =TR.G+TQO.G, where TR.G = @M (%) and TQ.G is
=1
the set of matrices of the form

3:/11 Via ... er
Yor Yoo ... Yo
Ynl Yn? v an
which satisfy the following
i Y, ..o Y, Ay A ... Ay, i fle o Sl
Y5 Yy ... Y3, Ay Az ... Ag for oo o So
Yél Y7:2 e Y’r;r Anl An2 e Ann ’r/Ll T/LQ e ’r/LT
where A;; € Cg, ZJ = dg; and Yz'J = d;;ij.

Proposition 4.6. TA.G CTQ.G.
Proof. Let V € TAG. Then, we can write V' = Vi + V,, where V) € TR.G
and Vs 6 TL.G. Hence, Vo = (Yi;), where Y;; = U; o Fj and U; € M. Notice that

le _ dfi; OU; o _ dfi
=i Z 2r g,r- Moreover, if we let Fj = (f{;, f3;,- .., f3,), where fj; = 5

and denote by (F})™ the transpose of F}, then we have

dfk}] aU ) NT
Z dx dyp AlF5)
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where A; = (41, Aia, ..., Ain) with Ay = gg;, fkj = df’;’ and the result fol-
lows. O

Remark 4.1. For the standard A-equivalences of multi-germs, we are free to change
the coordinates about each point independently of the associated branch in the
source, whereas in the target the same coordinate change must be applied to each
branch. On the other hand, for the quasi-equivalence, we are still free to change the
coordinates in the source about each point independently of the associated branch,
but in the target if a quasi change of the coordinates Y;; occurs on a certain branch
F; and the derivative of Y;; is equal to A; (£} )T, then the same factor A; must be
applied to all quasi-changes of the coordlnates on other branches.

Definition 4.7. A multi-germ G is called simple with respect to the quasi-
equivalence relation if there exists a neighbourhood of G in the space of multi-germs
which intersects only finite number of quasi-classes. Moreover, it is called quasi-
stably simple if it remains simple when the ambient space is immersed in a larger
space.

We will only consider bi-germs (multi-germs with two components) of curves
and give the beginning of the classifications with respect to the quasi-equivalence
relation.

Theorem 4.8. Let G be a quasi-stably simple bi-germ. Then, up to permutation
of curves, G is quasi-equivalent to one of the bi-germs (Fl,FQ), described in the
following table.

Notation Fy Fy Restrictions
Ak (z,0) (0, 2%) kE>1
B, (z,0) (2% 2T I>k>1
Co (z2,0) (0, 2?)

Cs (22,0) | (0,0,2%)
Ds s (22,0) | (22,0,27)

To prove Theorem 4.8, we use the spectral sequence method [1] together with
the following auxiliary results.

Consider a pair G of curves with a regular first component which will be written
in the normal form (z,0,...,0) or equivalently as (z,0). Introduce a family of
quasi-equivalent pairs G; = ((az,O),Fg(t)), preserving the first component, where
Ey(t) = (fi(t), f2t),. .., fm(t)), fi € C, and t € [0,t] such that Gy = G. Let
fl = % and denote by ) the ideal generated by f1, f5, f, ..., f},, and by Q the
ideal generated by f4, f4, ..., f}.
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Lemma 4.9. The homological equation of Gy is

0 fl H1 f{HQ }:/11 }:/12
0 fo 0 fyHo Yo1 Yoo
.. = . . + . ) )
0 fn 0 f;LH2 Ynl Yn2

such that Y11 € My, Y1 =0, Y1’2 € Q, and YZ’2 €N for alli € {2,3,...,n}. Here,
fi=4 and Hy, Hy € M.

Proof. By differentiating G; with respect to t, we obtain the homological
equation described in Lemma. Moreover, Lemma 4.5 implies that

, , A Y0 Awfy
Y, Y, ko1
YY), Y. A Ao fi,
(4.1) S k; i
..’1 .2 n
Anl Z Ank:fl:;
L k= i

Comparing the columns of the homological equation and (4.1) yields that Yi1 = —Hy,

Vi1 = 0, and therefore Aj; = —41 A, = 0 for all i € {2,3,...,m}. As H; is
an arbitrary germ, we have that Y{Q € Q and YZ’2 € Qforalli e {2,3,...,n}, as

required. [

Now suppose that both components of G are singular. Then,

Lemma 4.10. [5] The 2-jet of G is A-equivalent to either ((x%,0),(0,22)) or
((1‘2,0),(1’2,0)).

Moreover,

Lemma 4.11. A pair of curves with the 3-jet ((2%,23), (2%, aa®)), where a # 1,
is not simple with respect to quasi-equivalence.

Proof. Let Go = ((2%,2%), (2%, az®)). Then, the 3-jet in TQ.G, is generated
by the following 10 vectors: vy = ((222, 32z%), (0,0)), v2 = ((0,0), (222, 3cm: )) vg =
((223,0),(0,0)), va = ((0,0), (223,0)), vs = ((x2,0), (22,0)), v = ((0, z?)),
vr = ((22%,0),(223,0)), vs = ((0,22%),(0,22%)), v9 = ((23,0), (om: 0)), v1g =
((07 %), (0, om:?’)). Notice that vz + v4 = v7, 2av1 + 2v5 — 4davs = 3awvg and vy + v —
2v5 = 3wg. Therefore, the vectors v7, vg and vg can be removed from the list above.
The remaining vectors form a subspace of dimension at most 7. The dimension of
the space of all 3-jets of bi-germs with two singular components is 8 which is greater
than the subspace dimension. This means that the germ G, is non-simple. [
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4.1. Proof of the main Theorem 4.8

We distinguish the following cases.

1. Pairs of curves with a regular first component. In this case the pair takes
the form G = ((z,0), F). Therefore, we classify the second component using
Lemma 4.9 as follows.

e Assume the 1-jet of F' is nontrivial and equal to (ax, Szx), with «, 8 € R,
and hence is equivalent to either (0,z) or (z,0). Consider the first case.
Then, G is quasi equivalent to A; : ((z,0),(0,z)). Next, if k be the
minimal number such that the k-jet of F' is not (x,0) then G is quasi-
equivalent to By : ((,0), (z,2%)) where k > 2.

e Consider the case when F' is singular and its multiplicity is k. Then, the
k-jet of F is equivalent to either (0,2*) or (z*,0). Suppose that [ is the
minimal number such that the I-jet of F' is not (2*,0) then G is quasi
equivalent to By : ((z,0), (z¥,2!)) where | > k > 2. Next, if the k-jet
of F is (0,z%) then G is quasi-equivalent to Ay : ((x,0),(0,2")), with
k>2.

2. Pairs of curves with singular components. In this case the nontrivial 2-jet of
G is equivalent to either ((z?,0),(0,22)) or ((z%,0), (22,0)).

e Consider the case when the 2-jet is ((22,0),(0,2?)). Then, G is quasi-
equivalent Cs : ((22,0), (0,2?%)).

o If the 2-jet is ((22,0),(2?%0)) then Lemma 4.11 yields that all quasi-
stably simple singularities are among pairs with the 3-jet is either
((m27 23,0), (22,0, x?’)) or ((m27 23,0), (0,0, m?’)) In such cases, we obtain
Cs: ((m270), (0707.%'3)) and Dy 3 : ((m270), (22,0, 23 ), respectively. Pairs

from other cases are adjacent to the family ((mQ,x?’), (22, ozmia))7 where

a# 1.
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Abstract. In this paper, we obtain some retarded integral inequalities in two inde-
pendent variables which can be used as tools in the theory of partial differential and
integral equations with time delays. The presented inequalities are of new forms com-
pared with the existing ones so far in the literature. In order to illustrate the validity
of the theorems we give one application for them for the solution to certain fractional
order differential equations.

Keywords: integral inequalities; differential equations; time delay.

1. Introduction

As it is well known integral inequalities play a significant role in the qualitative
analysis of differential and integral equations theory. Over the years, various in-
vestigators have discovered many useful integral inequalities in order to achieve a
diversity of desired goals, see [1]-[12] and the references given therein. In a recent
paper [8] Pachpatte presented a retarded inequality which has very good characters.
A large number of papers have been presented dealing with various extensions and
generalizations of this inequality. Some of the results may be found in [8], but let
us first recall the main results of [8] as follows:

In what follows, R denotes a set of real numbers, Ry = [0, 00), J1 = [xg, X), Jo =
[yo,Y) are given subsets of R, A = J; x Jo and ’ denotes the derivative.

Theorem 1.1. Let u(z,y), a(z,y) € C(ARy), b(z,y,s,t) € C(A%R,), for
9 <s<x <X,y <t<y<Y, alx) c CYJ,1), Bly) € C(Js,Js) be
non-decreasing with a(z) < x on Jy, B(y) <y on Jy and k> 0 be a constant.
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(A1) If
(1.1)
a(z) B(y) s t
u(x,y) < k+ / / a(s,t)u(s,t) + / / b(s,t,o,n)u(c,n)dodn | dtds,
a(zo) B(yo) a(zo) B(yo)

for (x,y) € A, then

(1.2) u(z,y) < kexp(A(z,y)),
for (x,y) € A, where
a(z) B(y) s t

(1.3) A(z,y) = / / a(&t)—&—/ /b(&t,o,n)dadn dtds,
a(zo) B(yo) a(zo) B(yo)

for (z,y) € A.

(Az) Let g € C(Ry,Ry) be a non-decreasing function with g(u) > 0 for u > 0. If
(1.4)
a(xz) By)

s t
u(z,y) < k—l—/ / a(sﬁ)g(u(s,t))—i—/ / b(s,t,0,n)g(u(o,n))dodn| dtds,
a(zo) B(yo) a(zo) B(yo)

for (z,y) € A, then for xo <x <1, yo <y <y,
(1.5) u(z,y) <G7HG(k) + A(z,y)],

where A(z,y) is defined by (1.3), G is the inverse function of

T

ds
Gr:/—7r>0,r >0
=] 5 ’

To

and x1 € J1,y1 € Jo are chosen so that
G(k) + A(z,y) € Dom(G™1),

for all z and y lying in [xo,x] and [yo,y] respectively.

The purpose of this paper is to explore two independent retarded versions of
the above integral inequalities which can be used as tools in the theory of partial
differential and integral equations with time delays. Applications are also given to
convey the significance of our results.
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2. Main Results

The first section of this paper will present some new non-linear retarded integral
inequalities in two independent variables which can be used as effective tools in the
study on non-linear partial differential equations with time delay.

Theorem 2.1. Ifu(x,y), p(x,y), a(z,y) are real valued non-negative continuous
functions and u(x,y) > 2p(x,y) is defined for x > 0, y > 0, b(x,y,s,t) are continu-
ous non-decreasing in & andy fort,s. 0 < a(z) <z, 0<B(y) <y, o (x), 5 (y) >0
are real valued continuous functions defined for x > 0, y > 0, that satisfy
(2.1)

z) B(y)

s t
u(z,y) < plz,y) + // a(s,t)u st—|—//bston (o,m)dodn| dtds,
0 0

0

then

afc) B;fy) [a . t)‘f‘j (f b(s,t,00m dodn:| dtds
(22)  ulwy) <play) x| 1+e

Proof. First of all let z(x,y) denote the function on the right hand side of 2.1, that
is,
a(z) B(y)
// a(s,t)u(s,t) // (s,t,0,n)u(o,n)dodn | dtds,
0

then z(0,y) = z(z,0) = 0 and our assumption on a,b,u,« and S imply that z is
a non-decreasing positive function for x > 0, y > 0 and z € [0,T}], y € [0, T3] we
have

a(z) B(y)
2oy (2,y) = (2)B' (y) [a(a(m)vﬁ(y))U(a(m)yﬁ(y)H({ ({ ,a,n)u(o,n)dodn

<a'(2)B'(y) [ala(x), B(y)) (p(a(x), B(y)) + 2(a(z), B(y)))

a(z) B(y)

+ ' bat) S0 ) + (o) dodn] |

Then by rearranging the above inequality we obtain
a(z) B(y)

Zoy(2,y) < 2(Th, T3) (a’(ﬂf)ﬁ’(y) [a(a(af)yﬂ(y)) +bf | bla(z), By), o, n)daan

0

+<a’(m)6’(y) [a(a(ﬂf)yﬂ(y))p(a(w)yﬂ(y) +Of Of b(a(z), By),o,n)p(o, n)dodnb :
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As 0 < a(x) <z and 0 < fB(y) <y and z(z,y) is non-decreasing with respect to =,

y we get
2y (2, ) 92 «lx) Bly)
——= <2

(83303/ Of Of )+

Z(Tl, TQ)

(2.3)

IN

C =

t
[b(s,t,0,m) dadn] dtds) )
0

On the other hand,

0 [ zz(z,y) Zay (T, )
(2.4) 3 (z(Tth)) S 0T

From (2.3) and (2.4), we have

0 [ zz(x,y) 92 alz) Bly) st
oy \=(Tn, 1)) = Ydodn | dtds | .
Ay (Z(Tl,T2)> 2<8m8y Of of a(s’t)+ofofb3t077 oan s

Integrating both sides of the above inequality with respect to y from 0 to y, we get

2ala,9) 9 @ @{ 2 ]
T <9 = a(s,t) + b(s,t, Ydodn| dtds | ,
o T ot ] et mapant

then again integrating the above inequality with respect to x from 0 to z we obtain

a(z) B(y)

In|z(T1,Ts)| < In|p(Ty, T)| + / / (s,t) //b s, t,o,n)dodn | dtds

0
for x € [0,T1], y € [0,T3]. Thus we have

a(x) B(y) st
i{ ({ |:a(s,t)+i{ i{ b(s,t70',7])d0'd7]:| dtds
(25) Z(Tl7 TQ) < p(Tl7 TQ) X e .

Let x =Ty, y = T in (2.5), we obtain

a(Ty) B(Tg) s t
" J [a(s,t)+] Jb(s,t,om do‘dn:| dtds
Z(T17T2) Sp(Tl’TQ) xe ° 0 0o

From the definition of z(x,y), we have u(z,y) < p(x,y) + z(z,y). As a result, we
get the required inequality in (2.2). O

Corollary 2.1. Assume that a,b,«, 8 are as in Theorem 2.1 and p(z,y) =p > 0,
if u e C(Ry x Ry, Ry) satisfying (2.1), then

a(z) B(y) st
" fy a(s,t)+fj‘b(s,t,0,n)dadn dtds
u(z,y) < p+pe® ° 0o , x>0, y>0.
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Corollary 2.2. Assume that a,b,«, 3 are as in Theorem 2.1 and p(z,y) =p > 0.
Suppose u € C(Ry x Ry, Ry) is a solution to the integral equation

a(z) B(y)

s t
u(z,y) = p+ / / a(s,t)u(s,t) —|—//b(5,t,o, nu(e,n)dodn | dtds, x>0, y > 0.
0 0 0 0

If

s t
lim | lim / / a(snﬁ)—&—//bs t,o,n)dodn | dtds | < oo,
r—oo | y—oo
0 0 0

then u s bounded.

Theorem 2.2. Assume that p,a,b,«, 5 are as in Theorem 2.1 and g(r) is a posi-
oo

tive continuous non-decreasing function for r > 0 with g(0) = 0 and [ % = 00, if
]

u € C(Ry x Ry, Ry) satisfies for x>0, y >0

(2.6)
a(z) B(y) st

u(&y)ﬁp(m,y)—&-/ / a(&t)g(u(s,t))+//b(&t,o,n)g(u(o,n))dodn dtds,
0 0 0 0

then

(2.7)

a(z) B(y)

u(r,y) <G| G(p(z,y)) + / / a(s,t)+//b s,t,o,n)dodn | dtds | ,
0

[}
[=)

where

Proof. Assume T7,T5 > 0 is fixed and let

y) = 07
0

with the assumption on a,b, «, 5 imply that z(z,y) is non-decreasing about = and
y. Hence for z € [0,T}], y € [0, T2] we have

s t

a(s,t)g (u(s,t))—i—//b(s,ta,n)g (u(o,n)) dodn| dtds,
00

o\g
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zoy(,y) = o (2)B'(y) [a(e(z), B(y))g (u(al(z), B(y)))

IA
Q\
—~
8
~
=
S
~—
=
—
2
=
™
—~
s
=
kS
=
Q
—
8
~
=
<
~—
~—
~—
+
kS
—~
—
~
=
<
~—
~—
~—
~—

+ Of fb(@(ﬂf)ﬁ(@/)@ﬁ)(g(p(am))+g(2(07n)))d0dnl

0

IN

g(p(Th, T2) + 2(T1, Tz))

X

a(z) B(y)
(a’(w)ﬁ’(y) la(a(ﬂf)yﬂ(y)H I/ b(a(m)yﬁ(y)vom)daan~

0 0

Therefore, we write

a(z)
Zzy(l', y) /
g(p(Tl, T2) + Z(Tl7 T2 89681/ )

Noting that

=

/ { (s,1) —|—//b s,tyoum do’dn} dtds) .

0 0

o\

9 ( Ze (7, y) > - Zay (2, Y)
oy \g(p(T1, Ta) + 2(T1, T2)) ) — g(p(T1,T2) + 2(T1, T»))

We obtain

a(z) B(y)
0 2z (x,y) o? / /
i < .
Ay (g(p(T1,T2) + Z(T1,T2))> ~ 0zdy a(s,t) + bls,t oy m)dodn | dids

0o 0

0 0

Integrating both sides of the above inequality with respect to y from 0 to y we get

a(z) By)

Q(P(Tl,;:)(fii’)(Tl,Tg (/ 0/ [ a(s,t) // (s,t,0,m) dadn} dtds) ;

then integrating the above inequality with respect to « from 0 to z we have
(2.8)

a(z) B(y)

s t
G(p(Th, T2)+2(T1,T2)) < G (p(T1,T2) +/ / {a(satﬂ'//b(sat707n)d0d77] dtds,
0 0 00
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for x € [0,T1], y € [0, T3]
In view of lf % = o0, from (2.8), we have

(2.9)

a(z) B(y)
p(T1, To)42(T1, T»)) < G * G(p(Tl,Tz))—I—/ / [ +//b s,t,0,m dadn] dtds
0
Let x =Ty, y = Ty in (2.9), we obtain
a(Tr) B(T2)
P T +2(T, ) < 67| G T3 )+ [
0

a(s,t) +//b s,t,o,m) dadn]dtds
00

Due to T3, Ts are arbitrary and u(z,y) < p(as,y) + 2(x,y), we obtain (2.7). O

Corollary 2.3. Assume that p,a,b,«, 8 are as in Theorem 2.2. Suppose u €
C(R4+ x Ry, Ry) is a solution to the integral equation

a(z) B(y) st
uteos) =pw)t [ [ fastguts, )+ [ [ os.t0mg (ulon)) dods| dtds,
0 0 00
for x>0, y > 0. If p is bounded and
a(z) B(y) st
xh_)rrgo ylgr;o/ / a(s,t)+//b(s,t,o,n)dadn dtds | < o0,
0 0 0 0

then u is bounded.

3. Basic Application

In this section, we will present some basic applications of our results to obtain the
bounds on the solution to the integral equation with time delay. We would like to
develop a set of benchmark applications which may be used in the theory of partial
differential and integral equations with time delay so we invite other researchers
to contact us with their results for these cases, and perhaps forward us their own
examples.

3.1. Application:

In order to exemplify the application of Theorem 2.1 we set up the bound on the
solutions of partial integral equations of the form :

(3.1)
a(z) B(y)

s t
u<x7y>=k<m,y>+/ / G<x,y,s,t,u<s,t>>+/ /F(:v,y787t,0,n7U(07n))d0dn dtds
0 0 0

0
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where all the function are continuous on their respective domains of their definitions
and

(3:2) k(2 y)| < p(z,y)
(3.3) |G(s,t,u)] < a(s,t)u(s,t)
(3.4) |F'(s,t,0,m, u(o,n))| < (s, t, 0,m)u(o,n)

for > 0, y > 0 where a,b,p, a, 8 are as in Theorem 2.1 using the equations (3.2)-
(3.4) in the equation (3.1) then applying Theorem 2.1, we obtain the bound on the
solution u(z,y) to the equation (3.1).

In addition to this, in order to provide explicit bounds on the solution to par-
tial differential equations of the form ug, = G(x,y, a(s), B(y),u), one can use the
integral inequalities which are obtain in Theorems 2.1 and 2.2.

4. Concluding Remarks

In concluding this paper, we have established some new generalized Pachpatte-type
inequalities. As it can be seen from the present application, the results established
are useful in researching both qualitative and quantitative properties for solutions
to certain fractional order differential equations.
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Abstract. A graph I is called an n-Cayley graph over a group G if Aut(T") contains a
semi-regular subgroup isomorphic to G with n orbits. In this paper, we review some
recent results and future directions around the problem of computing the eigenvalues
on n-Cayley graphs.

Keywords: n-Cayley graph; eigenvalues; semi-regular subgroup.

1. Introduction

The spectrum of a graph is one of the most important algebraic invariants as it
is known that numerous proofs in graph theory depend on the spectrum of graphs.
In particular, eigenvalues of Cayley graphs have attracted increasing attention due
to their prominent roles in algebraic graph theory and applications in many areas
such as expanders, chemical graph theory, quantum computing, etc [21]. This paper
is a survey of the literature on the eigenvalues of graphs having a semi-regular of
subgroup of their automorphism groups.

A digraph T is a pair (V, E) of vertices V and edges E where E CV x V. A
graph is a digraph with no edges of the form (a,a) and with the property that
(o, B) € E implies (8, «) € E. The set of all permutations of V' which preserve the
adjacency structure of I' is called the automorphism group of I'; it is denoted by
Aut(T). In this paper all digraphs have no loops. For the most part our notation and
terminology are standard and mainly taken from [9] (for graph theory) and [16] (for
representation theory of finite groups). For the graph-theoretic and group-theoretic
terminology not defined here we refer the reader to [9, 16].

Let T be a (di)graph with n vertices. The adjacency matrix of A of I'is an n xn
matrix with ij-entry equal to 1 if ¢th and jth vertices are adjacent and 0 otherwise.
The spectrum of a graph is the multi-set of eigenvalues of its adjacency matrix. It
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is known that numerous proofs in graph theory depend on the spectrum of graphs
and the spectrum of a graph is one of the most important algebraic invariants [9].

Let G be a group and S be a subset of G not containing the identity element
of G. The Cayley (di)graph of G with respect to S is a graph with a vertex set G
where (g,h) is an arc whenever hg~! € S. A large number of results on spectra
of Cayley graphs have been produced over the last more than four decades. For a
survey of the literature on eigenvalues of Cayley graphs and their applications see
[21].

By a theorem of Sabidussi [26], a (di)graph T is a Cayley graph over a group G
if Aut(T") contains a regular subgroup of Aut(T") isomorphic to G. As a generaliza-
tion, a (di)graph I' is called an n-Cayley (di)graph over a group G if there exists
a semiregular subgroup of Aut(I") isomorphic to G with n orbits (of equal size).
Since every regular subgroup is a transitive semi-regular subgroup, every Cayley
(di)graphs is a 1-Cayley (di)graph. Also a Cayley graph over a finite group G hav-
ing a subgroup H of index n is an n-Cayley graph over H [1, Lemma 8]. n-Cayley
graphs over cyclic groups are called n-circulant. In particular 2-Cayley and 3-Cayley
graphs over cyclic groups are called bicirculant and tricirculant graphs [24], respec-
tively. Unlike Cayley graphs, in general n-Cayley graphs are not vertex-transitive
for n > 2. Furthermore, there are vertex-transitive n-Cayley graphs which are
not Cayley graphs such as generalized Petersen graphs. Undirected and loop-free
2-Cayley graphs are called, by some authors, semi-Cayley graphs [25, 3] and also
bi-Cayley graphs [17]. In this paper, we follow [25] to use the term semi-Cayley.

n-Cayley graphs, in particular when n = 2 or n = 3, have played an important
role in many classical fields of graph theory, such as strongly regular graphs [19, 22,
23, 24, 25], automorphisms [2, 15, 28], isomorphisms [3, 5], symmetry properties of
graphs [10, 11, 20] and the spectrum of graphs [1, 4, 8, 12, 13]. In this paper, we
review recent results and future directions of some problems related to the spectrum
of n-Cayley graphs.

2. Presentation of n-Cayley graphs

Recall that a (di)graph T is called an n-Cayley graph over a group G if Aut(T")
contains a semi-regular subgroup isomorphic to G with n orbits (of equal size). It
is proved that every n-Cayley graph over a group G can be presented by suitable
n? subsets of G:

Lemma 2.1. ([1, Lemma 2]) A digraph T is n-Cayley digraph over G if and only
if there exist subsets T;; of G, where 1 < 4,5 < n, such that I' is isomorphic to a
digraph X with vertex set G x {1,2,...,n} and edge set

EX)= U {(6.0.(9.9) g€ G and €Ty},

1<ij<n

By Lemma 2.1, an n-Cayley (di)graph is characterized by a group G and n?
subsets T;; of G (some subsets may be empty). So we denote an n-Cayley (di)graph
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with respect to n? subsets T;; by I' = Cay(G;T;; | 1 <i,j < n). It is easy to see
that Cay(G;Ty; | 1 < 4,5 < n) is undirected if and only if T;;' = Tj; for all
1 <i4,j <n. Also it is loop-free if 1 ¢ T;; for all 1 < i < n. Let I" be a 2-Cayley
graph which is undirected and loop-free. Then there exist three subsets R = T11,
L="Ts, S="Tand To; = S~' of Gsuch that R= R}, L=Ltand1¢ RUL
and I' = Cay(G; T35 | 1 <4,5 < 2). We denote this graph with SC(G; R, L, S) and
call it semi-Cayley graph. In the case R = L = @, we denote it by BCay(G; S) and
call it bi-Cayley graph.

There are a lot of examples of n-Cayley graphs, n > 2. Here we provide some.

Example 2.1. Let P be the Petersen graph. Then P = SC(G; R, L, S), where G = (a) 2
Zs, R = {a,a*}, L = {a? &} and S = {1}.

Example 2.2. ([1, Lemma 8]) Let I' = Cay(G, S) be a Cayley (di)graph. Suppose that
there exists a subgroup H of G with index n. If {t1,...,t,} is a left transversal to H in
G, then I' = Cay(H,T;; | 1 <4,j <n), where T; = {h € H | t;'ht; € S} = H Nt;St; "

Example 2.3. The I-graph I(n, 7, k) is a cubic graph of order 2n with vertex set {u;,v; |
0 <i<n-—1} and edge set {w;uitj, uivi, viviyr . Graphs I(n, 1, k) are called generalized
Petersen graphs. It is easy to see that I(n,j, k) = SC(G; R, L, S), where G = (a) &£ Zn,
R=1{d’,a™?}, L ={a* a %} and S = {1}.

Example 2.4. Let RW(n,j,k) be a Rose Window graph, for the definition of graph
see [18]. RW (n,j, k) is a 4-valent bicirculant graph isomorphic to SC(G; R, L, S), where
G ={(a) = Z%n, R={a,a™ '}, L={a’,a77} and S = {1,a"}.

Example 2.5. For given natural numbers n > 3 and 1 < 7,5,k < n — 1, with j # n/2
and r # k, the Tabacjn graph T'(n,r, k, j) is a pentavalent graph with vertex set {z; | i €
Zn}U{y | i € Zn} and edge set

{zizit1 |1 € Zn} U{yiYitj |t € Zn} U{ziYivr | 1 € Zn} U{TiYivr | 1 € Zn}.
It is easy to see that T'(n,r, k, j) = I =2 SC(G; R, L, S), where G = (a) = Zn, R = {a, a™ '},
L={a’,a™7} and S = {1,a",a"}.

Example 2.6. Let K, , ., bethe n-partite complete graph. Then K, ... r = Cay(G; T3;
1 <i,7 < n), where G is a finite group of order r, and for all 1 < i,j < n where j # i,
Tn‘ = @ and Tij = G

.....

3. Eigenvalues of n-Cayley (di)graphs

In 2007, the spectrum of bi-Cayley graphs over finite abelian groups computed in
[29]:

Theorem 3.1. Let ' = BCay(G, S) be a bi-Cayley graph over finite abelian group
G =Zn, X ...X Ly, with respect to S. Then eigenvalues of I' are

r1i1 Tte L — . s
£ g wtwptt], oy =0,...,m5 =1, j=1,...,t
(il,...,it)ES



566 M. Arezoomand

In 2010, Gao and Luo improved Theorem 3.1. They studied the spectrum of
semi-Cayley graphs over finite abelian groups. Using matrix theory, they derived a
formula of the spectrum of semi-Cayley graphs over finite abelian groups:

Theorem 3.2. ([12, Theorem 3.2]) LetT' = SC(G; R, L, S) be a semi-Cayley graph
over a finite abelian group G = Zy, X ... X Zn,. Then I' has eigenvalues

>\7]‘%1...7‘t + )‘ﬁ...rt + \/()‘ﬁn - )\71‘/1”'”)2 + 4‘)‘7"5

1...T¢

2 )

‘ 2

— H— X — i
rj=0,....m5 =1, j=1....t where \| , =3 ijexwnit . wpt" and wy
is the primitive nth root of unity.

Also the spectrum of a bi-Cayley graph of an arbitrary group with respects to
a normal subset computed in [6, Theorem 2.1], a generalization of Theorem 3.1. In
2013, Theorem 3.2 extended to n-Cayley graphs, n > 2, over arbitrary groups by
Arezoomand and Taeri in [1] using representation theory of finite groups. Let us
recall some definitions of the latter paper. Let G be a finite group and C[G] be
the complex vector space of dimension |G| with basis {e, | ¢ € G}. We identify
C[G] with the vector space of all complex-valued functions on G. Thus a function
¢ : G — C corresponds to the vector ¢ = deG ©(g)eq and vice versa. In particular,
the vector ey, where g € G, of the standard basis corresponds to the function ey,
where

eg(h):{ é Z;i

The (left) regular representation pyey of G on C[G] is defined by its action on
the basis {er, | h € G}; that is for all g,h € G, preg(9)en = egn. Let Irr(G) =
{p1,-.., pm} be the set of all irreducible inequivalent C-representations of G and dy,
be the degree of pg, k =1,...,m. Let ef] be the 1 x n|G| vector with n blocks, where
ith block is eg4, as dgﬁned, and other blocks are 01| vectors. Let V' be the vector
space with basis {e; | g € G,1 <i <n}. Clearly V = C[G] ® C[G] & - -- © C[G], as

n—times
C[G] = (eg | g € G). So dim¢c V' = ndimc C[G] = n|G|. Let I' = Cay(G;T;; | 1 <
i, <n)and A = [a(g,i)(h,j)lg,nec,1<i,j<n be the adjacency matrix of I'. Viewing A
as the linear map

A V-V

n
€y Z Z A(h,j)(9,)Ch 1<i<n, geg,
=1 hea

it is proved that:

Theorem 3.3. ([1, Theorem 6]) LetT' = Cay(G;T;; | 1 < 14,j < n) be an n-Cayley
digraph over a finite group G and Irr(G) = {p1,...,pm}. For eachl € {1,...,m},
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we define nd; X nd; block matriz A; := [AE;)], where AZ(-;) = Y tery, pW(t). Let

X4, (A) and xa(N) be the characteristic polynomial of A; and A, respectively. Then
Xa(A) = T2y x4, ().

Example 3.1. ([7, Corollary 2.3]) The eigenvalues of I(n, j, k) are

cos(2ljm/n) + cos(2lkm /n) £ v/(cos(2ljm/n) — cos(2lkm/n))2 +1, 1=0,...,n— 1.

Example 3.2. ([7, Corollary 2.4]) The eigenvalues of RW (n, j, k) are

cos (2l /n)+cos(2ljm /n)++/ (cos(2lm /n) — cos(2ljm/n))2 + 2 + 2cos(2lkn/n), 1=0,...,n—1.

Example 3.3. ([7, Corollary 2.5]) The eigenvalues of T'(n,r, k, j) are

cos(2lm/n) + cos(2ljm/n) £ 1/(cos(2lm/n) — cos(2ljm/n))2 +ay, 1=0,...,n—1,

where oy =3 + 2(cos(27rlr/n) + cos(2nlk/n) + cos(2nl(r — k)/n))

Since any Cayley graph over a group G is a 1-Cayley graph over G, as a direct
consequence of Theorem 3.3, we can reprove the following result which is proved in
[27]:

Corollary 3.1. Let I' = Cay(G,S) be a Cayley digraph over a finite group G
with irreducible matriz representations oM, ..., o™ . Let d; be the degree of o).

For each | € {1,...,m}, define a d; x d; block matriz A; := {Ag)} , where Ag) =
Sees 0V(s). Let xa,(\) and xa()\) be the characteristic polynomial of A; and A,
the adjacency matriz of T, respectively. Then xa(\) = H}’;lXAL()\)dl.

Let G be a finite abelian group. Then by [16, Theorem 9.8], putting n = 2
in Theorem 3.3, Theorem 3.2 directly follows. Also Theorems 4.6 and 4.3 of [12]
improved in [1]:

Corollary 3.2. (1, Corollary 9]) LetT’ = Cay(G, S) be a Cayley digraph, H = {(a)
a cyclic subgroup of G of order n and of index 2 with left transversal {t1,t2} . Then
the characteristic polynomial of the adjacency matriz of T' is xa(\) = H}Z(\ —
M)A = Ay), where

)‘Ilcl +)\z2 4 \/(Allgl _)\%2)2 +4)\]1€2)\z1

A=
k 9 )
s = ML AR - VO P T DT
9 s

N = Yo, wht and Ty = {t| 0 <t <n—1,a" € 1;St7},
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Let I' be a k-regular graph with n vertices and adjacency matrix A and A°
be the adjacency matrix of the complement of I'. Then (A + k + 1)xac(A) =
(D" A=n+k+1)xa(—XA—1), see [9, p. 20]. Despite of Cayley graphs, n-Cayley
graphs n > 2, are not necessarily regular, but we have a similar relation between
the characteristic polynomials of any n-Cayley graph and its complement which is
given in the next theorem:

Theorem 3.4. ([1, Theorem 10]) Let I' = Cay(G,T;; | 1 < i,j < n) be an n-
Cayley graph over a finite group G, n > 1. Let I'® be the complement of I with
adjacency matriz A°. Then the characteristic polynomials of I' and T'° are related
with the following equation:

X8, (Axa(=A = 1) = (=174, (=X = Dxac(N),

where By = |G|J — I, — Ay, J is the all ones matriz of degree m, and A; =
(1 Tjill1<ij<n-

An eigenvector of the adjacency matrix of a graph I' is said to be main eigenvec-
tor if it is not orthogonal to the all ones vector j. An eigenvalue of a graph I is said
to be a main eigenvalue if it has a main eigenvector. By Perron-Frobenius Theorem,
the largest eigenvalue of a graph is a main eigenvalue. It is also well known that
a graph is regular if and only if it has exactly one main eigenvalue. So for every
Cayley graph I' = Cay(G, S), |S| is the only main eigenvalue of I'. Since n-Cayley
graphs, for n > 2 are not necessarily regular, determining the main eigenvalues of
these graphs seems to be important. This problems reduced to determining main
eigenvalues of the matrix A;j:

Theorem 3.5. ([1, Corollary 12]) Let I' = Cay(G,T;; | 1 < 4,5 < n) be an n-
Cayley graph over a finite group G and n > 2. The main eigenvalues of I is equal
to main eigenvalues of the matriz Ay = [|Tji|l1<i,j<n-

4. Integrality of n-Cayley graphs

A graph T’ is called integral if all eigenvalues of the adjacency matrix of I' are
integers. The concept of integral graphs was first defined by Harary and Schwenk
[14]. During the last forty years many mathematicians have tried to construct
and classify some special classes of integral graphs including Cayley graphs(for a
survey see [21]). It seems that integral graphs are very rare and determining all the
integral n-Cayley graphs, even for n = 2, is difficult. It is easy to construct integral
semi-Cayley graphs over finite abelian groups, as the following corollary shows:

Corollary 4.1. ([12, Corollary 3.5]) Let T' = SC(G; R, R,S) be a semi-Cayley
graph over a finite abelian group G. If Cay(G, R) and Cay(G,S) are integral then
T is integral.
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The study of integrality of bi-Cayley graphs started by Arezoomand and Taeri
in 2015:

Theorem 4.1. ([, Corollary 3.10]) Every bi-Cayley graph of a finite group G is
integral if and only if G is isomorphic to one of the groups Z&, k > 1, Z3 or Ss.

Also finite groups admitting a connected cubic integral bi-Cayley graph deter-
mined in the following theorem:

Theorem 4.2. ([8, Theorem A]) A finite group G admits a connected cubic inte-
gral bi-Cayley graph if and only if G is isomorphic to one of the groups

ZS? Z37 Z4a Z67 ZQ X Zﬁa S37 A47 Di012~
The following questions naturally arise:

Problem 4.1. Determine finite groups admitting a connected k-regular, k > 4,
bi-Cayley graphs.

Problem 4.2. Let I' = BCay(G, S). In what conditions on S, is I" an integral?

Problem 4.3. Determine finite groups in which all bi-Cayley graphs over them of
the valency at most k > 2 are integral.

Problem 4.4. Let I' = SC(G; R, L, S) be a semi-Cayley graph over a group G. In
what conditions on R, L and S is I' an integral?

5. Laplacian and signless Laplacian eigenvalues of n-Cayley graphs

Let T be a graph with vertex set {v1,...,v,}. Recall that the adjacency matrix
of I is an n X n matrix A = [aij}, where a;; = 1 whenever v; and v; are adjacent
and a;; = 0, otherwise. The degree matrix of I' is a diagonal n x n matrix D =
diag(dy,...,dy), where d; is the number of vertices adjacent to v;. The matrices
L=D—Aand Q = D+ A are called Laplacian and signless Laplacian matrices of
T, respectively. The characteristic polynomial of an n x n matrix X is det(AI,, — X),
where I, is the n x n identity matrix and the roots of this polynomial are called
eigenvalues of X. In this paper, the Laplacian eigenvalues and signless Laplacian
eigenvalues of a graph I" are eigenvalues of Laplacian and signless Laplacian matrices
of I', respectively.

In 2015, the Laplacian and signless Laplacian spectrum of semi-Cayley graphs
over abelian groups computed:

Theorem 5.1. ([13, Theorem 1]) Let T' = SC(G; R, L, S) be a semi-Cayley graph
over a finite abelian group G = Zy, X ... X Zyp,. Then I' has Laplacian eigenvalues
(resp. signless Laplacian eigenvalues)

/“Lﬁl...rt + :ufl...'rt =+ 2|S‘ + \/(:u'ﬁn - /“L7l'/1...7‘t)2 +4|>\§1,,,n|2
2
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rj =0,...,n; —1, j = 1,...,t, where X} . are eigenvalues of Cay(G,S), and
pl . nk ., are the Laplacian (resp. signless Laplacian) eigenvalues of Cay(G, R)
and Cay(G, L), respectively.

The n-sunlet graph on 2n vertices is obtained by attaching n pendant edges to
the cycle C,,. Tt is easy to see that I' = SC(G, R, S,T), where G = (a) & Z,,
R={a,a™'}, S=0 and T = {1}.

Example 5.1. Let I" be an n-sunlet graph. Then

(1) Lpalcian eigenvalues of I" are

2—cosz—7rl:|:\/(1—cosz—7rl)2+1,
n n

where [ =0,...,n — 1.

(2) signless Laplacian eigenvalues of I" are

2+cos2—7rli\/(1+cos2—7rl)2+1,
n n

where [ =0,...,n— 1.

As a corollary, one can construct semi-Cayley graphs with an integral Laplacian
and signless Laplacian spectrum:

Corollary 5.1. ([13, Corollary 4.6]) Let T' = SC(G; R, R,S) be a semi-Cayley
graph over a finite abelian group G. If Cay(G, R) and Cay(G, S) are integral graphs
then I' is a Laplacian and signless Laplacian integral graph.

We end the paper with some open problems:

Problem 5.1. Determine the Laplacian and signless Laplacian eigenvalues of semi-
Cayley graphs over non-abelian groups. Also do this for n-Cayley graphs when
n > 3.

Problem 5.2. In what conditions on R, L and S, SC(G; R, L, S) is Laplacian (and
signless Laplacian) an integral?
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Abstract. In this paper, we show that the following simple groups are uniquely deter-
mined by their orders and vanishing element orders: A,_1(2), where p # 3, 2Dp1+1(2),
where p > 5, p # 2™ — 1, Ap(2), Cp(2), Dp(2), Dp+1(2) which for all of them p is an
odd prime and 27 — 1 is a Mersenne prime. Also, 2D,,(2) where 2" ! 4 1 is a Fermat
prime and n > 3, 2D,,(2) and C,(2) where 2" + 1 is a Fermat prime. Then we give an
almost general result to recognize the non-solvability of finite group H by an analogy
between orders and vanishing element orders of H and a finite simple group of Lie type.
Keywords: simple groups; Mersenne prime; Fermat prime; Lie group.

2010 Mathematics Subjedct Classification: 20C15; 20D05.

Keywords: Finite simple groups, vanishing element orders, prime graph.

1. Introduction

Throughout this paper G and H are two finite groups. Let X be a finite set of
positive integers. The prime graph II(X) is a graph whose vertices are the prime
divisors of elements of X, and two distinct vertices p and ¢ are adjacent if there
exists an element of X divisible by pg. For a finite group G, we denote by w(G), the
set of element orders of G. The prime graph II(w(G)) is denoted by GK (G) and is
called the Gruenberg-Kegel graph of G. Here, s(G) denotes the number of connected
components of GK (G). For the group G, we denote by p(G) some independence sets
in GK(G) with maximal number of vertices and put ¢(G) = |p(G)|, independence
number of GK(G). g € G is called a vanishing element of G if x(g) = 0 for some
X € Irr(G). Let us denote by Van(G) and vo(G) the set of all vanishing elements
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and the set of vanishing element orders of G, respectively. Also the prime graph
II(vo(@G)) is denoted by I'(G) and is called the vanishing prime graph of G.

If n is a natural number and 7 is a set of primes, then we denote the set of all
prime divisors of n by m(n), and the maximal divisor ¢ of n such that #(¢) C 7 by
ng. If 7(G) is the set of prime divisors of |G|, then 7;(G) = 7(m;) for some positive
integers m;, 1 < i < ¢, such that |G| = mima---m; and ¢t = s(G). Also for any
group with even order, 2 € m1(G). We set OC(G) = {ma,---,m;} and call the set
of order components of G. A finite simple group G is said characterizable by its
order components, if G = H for each finite group H such that OC(G) = OC(H).
Some authors have proved that some non-abelian simple groups are recognizable by
their order components. We refer the reader to [23] to find a list of papers with the
OC-characterizability criterion for some finite simple groups.

It was shown in [38] that if G is a finite group such that vo(G) = vo(A4s) then
G = As. According to this result, M. Foroudi, A. Iranmanesh and F. Mavadatpour
in [12] stated the conjecture as follows:

Conjecture 1.1. Let G and H be two groups with the same order. If G is a
non-abelian group and vo(G) = vo(H), then G = H.

First, this conjecture was proved for La(q), where ¢ € {5,7,8,9,17}, L3(4), Az,
Sz(8) and Sz(32) in [12]. Then they proved this conjecture in [13] for finite simple
K,-groups with n € {3,4}, sporadics, alternatatings and Lo(p) where p is an odd
prime. In [24] it has been verified that the groups Sz(q) satisfy this conjecture,
where ¢ = 227" and either ¢ — 1, ¢ — v/2q+ 1 or ¢ ++/2¢+ 1 is a prime, and Fy(q),
where ¢ = 2" and either ¢* +1 or ¢* — ¢®+1 is a prime. In this paper, we show that
the above conjecture is valid for some families of simple groups of Lie type. Then
we prove another result about non-solvability of some finite group using vanishing
element orders. In fact, we prove the following theorems:

Theorem 1.1. Let G and H be two groups with the same order and G be a simple
group of Lie type A,_1(2) where p # 3, 2D, 41(2), where p > 5, p # 2™ — 1, A,(2),
Cy(2), Dp(2), Dps1(2), which for all of them p is an odd prime and 2P — 1 is a
Mersenne prime, 2D,(2) where 2"~1 + 1 is a Fermat prime, 2D, (2) and C,(2)
where for the last two groups 2™ + 1 is a Fermat prime. If vo(G) = vo(H), then
Gx~H.

Theorem 1.2. Let G and H be two groups with the same order. Suppose G is
a simple group of Lie type with s(G) > 2 except Aa(q), where (¢ — 1)3 # 3, q is
a Mersenne prime, 2As(q), where (¢ + 1)3 # 3, q is a Fermat prime, Ca(q) where
q > 2. If vo(G) = vo(H), then H is non-solvable.

2. Preliminaries

In this section, we state some results which will be of use to the proof of the main
theorems.
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Definition 2.1. A group G is said to be a 2-Frobenius group if there exist two
normal subgroups F' and L of G with the following properties: L is a Frobenius
group with kernel ', and G/F is a Frobenius group with kernel L/F.

Recall that a Frobenius group with kernel N and complement H is a semidirect
product G = H x N such that N is a normal subgroup in G, and Cy(h) = 1 for
every non-identity element h of H. As is well-known, N is the Fitting subgroup of
G.

Definition 2.2. G is a nearly 2-Frobenius group if there exists two normal sub-
groups I’ and L of G with the following properties: F' = F} x Fj is nilpotent, where
F1 and Fy are normal subgroups of G, furthermore G/ F is a Frobenius group with
kernel L/F, G/ F} is a Frobenius group with kernel L/Fy, and G/ F is a 2-Frobenius

group.
Lemma 2.1. [11]

(a) Let G be a solvable Frobenius group with kernel F' and complement H. The
graph GK (G) has two connected components, whose vertex sets are 71 = 7(F)
and o = w(H), and which are both complete graphs.

(b) Let G be a finite solvable group. Then I'(G) has at most two connected compo-
nents. Moreover, if I'(G) is disconnected, then G is either a Frobenius group
or a nearly 2-Frobenius group.

(c) Let G be a nearly 2-Frobenius group. If T'(G) is disconnected, then each con-
nected component is a complete graph.

(d) Let G be a solvable Frobenius group with kernel F' and complement H. If
FnVan(G) # @, then T'(G) = GK(G), and the otherwise T'(G) coincides
with the connected component of GK(G) with vertex set w(H).

Lemma 2.2. [10] If G is a finite non-abelian simple group, then GK (G) = T'(GQ),
unless G = Az.

Theorem 2.1. [13] Let G be a finite group and let M be a simple Ks-group or a
Ky-group. If |G| = |M| and vo(G) = vo(M), then G = M.

Recall that a finite simple group G is called a K,-group if its order has exactly n
distinct prime divisors, where n is a natural number.

Theorem 2.2. [36] Let G be a finite simple group. Then all the connected com-
ponents of GK(G) are cliques if and only if G is one of the following: As, Ags, Ar,
Ag, Alg, Alg, My, Mss, Jy, Jo, J3, HS, Al(q), with q > 2, Sz(q) with q = 22m+17
Cs(q), G2(3%), Aax(q) where q is a Mersenne prime, 2Ax(q) where q is a Fermat
prime, A2(4), 2A2(9), 2A3(3), 2A5(2), 03(2),D4(2), 3D4(2)
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3. Main results

To prove Theorem 1.2, we adopt Table I by [14] of components of prime graphs of
simple groups of Lie type over a field of even characteristics which in this table p
is an odd prime. In Table 1, msy coincides with the factor for primes in the second
connected component. Table 2 shows OC-characterizable groups of Lie type with
their prime graph having two connected components. We also use Tables 3 and 4
for the proof of Theorem 1.3. These tables were adopted from [37] and they show
the independence number of prime graphs of finite simple groups of Lie type and.
In Tables 3 and 4, n and k are natural numbers. [z] denotes the integral part of z.
We assume that G is a finite non-abelian simple group of Lie type over a field of
characteristic p and order q. We define the primitive prime divisor of ¢"™ — 1 by r,.
If p is odd then we say that 2 is a primitive prime divisor of ¢ — 1 if ¢ =1 (mod 4)
and that 2 is a primitive prime divisor of ¢> — 1 if ¢ = —1 (mod 4).

The following lemma is a conclusion from some noteworthy properties of a simple
group G with s(G) = 2 and the conditions of Conjecture 1.1.

Lemma 3.1. Let G and H be two groups with the same order. Suppose that
G is a non-abelian simple group with s(G) = 2 and GK(H) 1is disconnected. If
vo(G) = vo(H), then OC(G) = OC(H).

Proof. The assumption vo(G) = vo(H) and Lemma 2.2 imply GK(G) = I'(G) =
['(H). So the set of vertices of the vanishing prime graph of H is equal to w(H).
Since I'(H) < GK(H), the prime graph of H has two connected components. Let
OC(G) = {m1,m2} and OC(H) = {n1,n2}. It is sufficient to prove m; = n;. As-
sume my # ni. Therefore, m (G) # 71 (H). Without loss of generality, we suppose
there is a prime p in 7 (G) such that p € m1(H). So p € mo(H). The connectedness
of components implies 71 (G) C wo(H), that is, 2 € mo(H), a contradiction. If p is
an isolated vertex, then p = 2 because the order of G is even. Therefore 2 € my(H)
which is impossible. [

Before bringing forward the proof of Theorem 1.2, we recall that an irreducible
character y of group G is called p-defect zero if p 1 |G|/x(1) where p is a prime.

3.1. Proof of Theorem 1.2

First we show that GK(H) is disconnected. According to Table 1, s(G) = 2 and
the second order component of G are prime. From vo(G) = vo(H) and Lemma
2.2, we deduce GK(G) =T'(G) =T'(H). The last equalities imply that I'(H) has a
connected component with a single vertex p. On the other hand, H has a vanishing
p-element. Since characters of degree not divisible by some prime number p never
vanish on p-elements, it is then clear that H has a p-defect zero character, namely
x. We claim that GK(H) is disconnected. We assume the assertion is false. Then
there exists a non-vanishing element = of order pg in H where ¢ € m1(G). Since
any p-defect zero characters vanish on elements of order divisible by p, we observe
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x(x) = 0. It means that I'(H) is connected. This is a contradiction and hence
GK(G) is disconnected. Then by Lemma 3.1, OC(G) = OC(H). According to
Table 2, G is an OC-characterizable group with s(G) = 2 and therefore G = H. O

Lemma 3.1 will be of use to show the validity of Conjecture 1.1 for more OC-
characterizable simple groups of Lie type that we state as a general result.

Theorem 3.1. Let G and H be two groups with the same order. Suppose G is an
OC-characterizable simple group of Lie type with s(G) = 2 and GK(H) is discon-
nected. If vo(G) = vo(H), then G = H.

In particular, the Conjecture 1.1 is valid for any group of Table 2 with a prime mso.

Table 1: The prime graph components of the simple groups of Lie type over the field of even

characteristic.
Type Factors for primes in m; ma
Ap-1(a), (@) # (3,2).(3,4) | .0’ ~ L, 1<i<p—1 m
AP(Q)7q_1|p+1 Q7qp+1_17qi_171§i§p_1 q__l
Cr(q),k =2" " —1,¢* —-1,1<i<k-1 | ¢"+1
Cp(f])y(q Lp)=1 " +1,¢ —-1,1<i<p-1 qq:__f
Dy(g),(q—1,p) =1 ¢.q" —1,1<i<p-1 =
Dpi1(2) 2,22 _1.1<i<p-—1, 2P — 1
2P 41,201 1
2 A4(22) 2.3 5
24 2 i (—1)i1<i<p—1 S e
p—l(q ) q,9 ( ) y L1 P (¢+1)(qg+1,p)
. . P
245(@*), g+ 1p+1 0, " = 1,¢" = (-1), T
1<i<p-1
2Di(q),k=2",n>2 7 —1,1<i<k—-1 @ +1
2Dps1(2), k=27 n>2 2,22 _11<i<k—1, ok 4+ 1
2k 1,2k 11
G(q),¢ =1 (mod 3) G —1,¢°—1 ¢ —q+1
G2(q),q = —1 (mod 3) ¢.¢>—1,¢3+1 P+q+1
3Dy(q®) q,¢°—1 - +1
2F,(2) 2.3.5 13
Es(q),q =1 (mod 3) ¢ —1,¢*=1,¢* -1 gt
Es(g),q =1 (mod 3) ¢, —1,¢*—1,¢"” -1 ¢+ +1
*Es(¢%),q = —1 (mod 3) ¢ +1,¢*—1,¢ -1 g+l
2Fs(¢?),q =1 (mod 3) ¢ +1,¢8—1,¢2 -1 @d - +1
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Table 2: OC-characterizable simple groups of Lie type with their prime graphs having two

connected components.

G Restriction on G Reference
Ap-1(q) p#3,q#2,4 [16, 15, 26]
Ap(q) (¢—Dlp+1) 8, 34]
2Ap(@) | @+ D)l(p+1),p#3,5,¢#2,3 [29]
2Ap-1(q) [18, 19, 20, 30]
By.(q) n=2m>2 [22, 39, 25, 28]
B,(3 7
ngqg n=2m>2 22, 39[, }25, 28]
Cp(q) ¢=2,3 7] and Table 4 of [23]
D,(5) p>5,q=2,35 Table 4 of [23]
QEJrl((CI)) q= 73 [27[6]31}
n\d n = s
2Dn(2) n=2"+1,m2>2 [9]
2D,(3) 5<p#2m+1 (35, 5]
2Dn(3) n=2m4+1%p m>2 [4]
i &
64
*Fs(q) q>2 32]
Fi(q) q odd 21, 17]
G2(q) 2<g=e (mod 3),e = £1 1, 2]

3.2. Proof of Theorem 1.3

From vo(G) = vo(H) and Lemma 2.2, we deduce that GK(G) = I'(G) = I'(H).
Since for a simple group G with s(G) > 2, non-solvability of H is concluded from
Lemma 2.1 (b), it is sufficient that we investigate the case s(G) = 2. Let H be a
solvable group and G be a simple group of Lie type with s(G) = 2. Since I'(H)
has two connected components, Lemma 2.1 (b) implies that H is either a Frobenius
group or a nearly 2-Frobenius group. For both cases, using Lemma 2.1 (a), (b) and
(¢), GK(G) has two clique connected components. So G is the above mentioned
simple group of Theorem 2.2. According to Tables 3 and 4 for simple groups of Lie
type with s(G) = 2 except As(q), where (¢ — 1)3 # 3 and ¢ is a Mersenne prime,
2A5(q), where (¢ + 1)3 # 3 and ¢ is a Fermat prime, Cs(q) where ¢ > 2, 2A45(9),
C5(2), D4(2) and 2D4(2), we have t(G) > 3. Thus, if p,q,r € p(G), then at least
two of them lie in a component such that they are non-adjacent, which is impossible.
Now, if G is one of the following groups: 245(9), C3(2), D4(2) or 3D4(2), then G is
a Ky-group and Theorem 2.1 implies H = G. Hence the desired conclusion holds.
(]
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Table 3: Independence number and set of finite simple classical groups of Lie type.

G Condition t(G) o(G)
An—l(q) m=2q9>3 3 {p7 7‘15"'2}
n=3,(gq—1)3=3and g+ 1 #2* 4 {p, 3, 72,73}
m=3,(¢g—1)3#3and g+ 1 # 2* 3 {p, 72,73}
n=3,(g—1)3=3and g+ 1=2* 3 {p, 3,3}
m=3,(g—1)3#3and g+ 1= 2% 2 {p,r3}
n=4 3 {p: Tn—hrn}
m=25,6,qg=2 3 {5,7,31}
7<n<1l,q=2 1] K |16, [2] <i<n}
m>5andg>2o0rn>12and ¢ =2 ﬁzi {n|[%:|<i§n}
ZAn—l(q) m=3,q 7é 2, (Q+ 1)3 =3,and g—1 7é 2% 4 {pa 3,71, TG}
n=3a(q+1)37é3andq_1742k 3 {paTI:TS}
m=3,(¢g+1)3=3and g—1=2% 3 {p,3,76¢}
m=3,(¢g+1)3#3andqg—1=2% 2 {p,r6}
m=4,q=2 2 {2,5}
m=4,q>2 3 {p,r4,76}
n=5,q=2 3 {2,5,11}
n > 5 and (n,q) # (5,2) [n_—2|-_1] {”/2 | [%] <i<m,
1 = 2(mod 4)}U
{ra; | [%] <i<nmn,
1= 1(mod 2)}U
{ri |[2] <i<n,
1 = 0(mod 4)}
Bn(g) or p=2,9>2 2 {p,ra}

Cnlg) m=3,g=2 2 {5, 7}
mn=4,qg=2 3 {5,7,17}
n—5,q=2 4 {7,11,17,31}
n=6,qg=2 5 {7,11,13,17,31}
n>2(n,q) #(3,2),(4,2),(52),(6,2) |[2%23] |{rz |[%] <i<n}U

i3] <i<n,
1 = 1(mod 2)}

D,(q) lh=4andg=2 2 {5,7}
m=2>5and g =2 4 {5,7,17,31}
m=6and ¢ =2 4 {7,11,17,31}
b2 4 (391 | {ray | [22] < < mp
(n, ) # (4,2), (5,2), (6,2) {re | (2] <i<n,

1 = 1(mod 2)}
{roi | [2FE] <i<n}u
{ri [[3]<i<n}

’Dn(q) m=4andg=2 3 {5,7,17}
m=5and g=2 3 {7,11,17}

n — 6 and g = 2 5 {7,11,13,17, 31}

m=7and g=2 5 {11,13,17,31,43}

m > 4,n % 1(mod 4), [32t4] | {ry | [[%]] <i<n}u

(na q) 5& (4’ 2)a (6’ 2)a (7’ 2)’ {7'12 | % < % < ’I’l}
1 = 1(mod 2)}

n > 4,n = 1(mod 4), (n,q) # (5,2) [32H4] | {rai |[3] <i<n}u

{""L’| %]<ZS’R,

1 = 1(mod 2)}
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Table 4: Independence number and set of finite simple exceptional Lie-type groups.

G Conditions | #(G) p(G)
Ga(q) q>2 3 {p, 73,76}
Fy(q) q=2 4 {5,7,13,17}
q>2 5 {T3,7’4,7’67T87T12}
Eﬁ(q) q=2 5 {5,13,17, 19,31}
q>2 6 {7’4,7‘5,7‘6,7’8,7’9,7’12}
*Fs(q) 5 {r4,r8,710,712, 718}
Eq(q) 7 {r7,78,79, 710,712,714, 718}
FEs(q) 11 | {r7,78,79,710, 712,714, 715,718, 720, T'24, 730 }
*Du(q) | q=2 2 {2,13}
q > 2 3 {7’3,7’671"12}
B2t [ n>1 4 {2, 51, 52, 53} where

s1 ‘ 22n+1 -1
S9 | 22n+1 _ 2n+1 + 1
S3 | 22n+1 _|_2n+1 + 1
2GL,(3 ) [ n>1 5 {3, 51, s2, 83, 84}, where
S1 7é 2,81 ‘ 32n+1 -1
S92 75 2,52 ‘ 32n+1 + 1
S3 | 32n+1 _ 3n+1 +1
sq| 32Tl 430l 1
ZFy227Th [T n>2 5 {s1, 82, 53, 84, S5}, where
S1 75 3,51 ‘ 22n+1 + 1
S9 ‘ 24n+2 + 1
S5 ;é 3’ S5 ‘ 94n+2 _ 92n+1 41
S4 ‘ 24n+2 _ 23n+2 + 22n+1 _ 2n+1 + 1

S5 ‘ 24n+2 + 23n+2 + 22n+1 + 2n+1 + 1

2Fu(2) none 3 {3,5,13}
2Fu(8) none 4 {7,19,37,109}
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MAHALANOBIS DISTANCE AND ITS APPLICATION FOR
DETECTING MULTIVARIATE OUTLIERS

Hamid Ghorbani

© 2019 by University of Ni§, Serbia | Creative Commons Licence: CC BY-NC-ND
Abstract. While methods of detecting outliers is frequently implemented by statis-
ticians when analyzing univariate data, identifying outliers in multivariate data pose
challenges that univariate data do not. In this paper, after short reviewing some tools
for univariate outliers detection, the Mahalanobis distance, as a famous multivariate
statistical distances, and its ability to detect multivariate outliers are discussed. As an
application the univariate and multivariate outliers of a real data set has been detected
using R software environment for statistical computing.

Keywords: Mahalanobis distance, multivariate normal distribution, multivariate out-
liers, outlier detection.

1. Introduction

The role of statistical distances when dealing with problems such as hypothesis
testing, goodness of fit tests, classification techniques, clustering analysis, outlier
detection and density estimation methods is of great importance. Using distance
measures (or similarities) enable us to quantify the closeness between two statistical
objects. These objects can be two random variables, two probability distributions,
moment generating functions, an individual sample point and a probability distri-
butions or two individual samples. There exists many statistical distance measures
[38], among them the Mahalanobis distance has the advantage of its ability to detect
multivariate outliers.

Outliers are those data that deviate from global behavior of majority of data.
Outliers or outlying observation have different definition in texts, for example “an
outlier deviates so much from other observations as to arouse suspicions that it was
generated by a different mechanism”, see [12]. Outliers have major influence on the
statistical inference. They increase error variance and reduce the power of statistical
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tests and cause bias estimates that may be of substantive interest [22]. Therefore,
the process of outlier detection is an interesting and important aspect in the data
analysis, see [3] and [5]. Depending on application synonyms are often used for the
outlier detection process, among them, one can mention anomaly detection, devi-
ation detection, exception mining, fault detection in safety critical systems, fraud
detection for credit cards, intrusion detection in cyber security (unauthorized access
in computer networks), misuse detection, noise detection and novelty detection see
[1], [9], [23] and [32].

All proximity-based techniques for identification of outliers such as k-Nearest
Neighbor (k-NN) algorithm calculate the nearest neighbors of a record using a suit-
able distance calculation metric such as Euclidean distance, Mahalanobis distance
or some other measure of dissimilarity. For large data set using the Mahalanobis
distance is computationally more expensive than Euclidean distance as it require to
pass through all variables in data set to calculate the underlying inter-correlation
structure. An iterative Mahalanobis distance type of method for the detection of
outliers in multivariate data has been proposed by [10]. Due to the masking effect,
in which one outlier masks a second outlier, if the second outlier can be considered
as an outlier only by itself, but not in the presence of the first outlier, detecting mul-
tiple outliers is more completed than the case where data consist of a single outlier,
since masking effects might decrease the Mahalanobis distance of an outlier. This
might happen because a small cluster of outliers attracts mean and inflate variance
towards its direction [4]. In such cases using robust estimates of sample mean and
variance, can often improve the performance of the detection procedure, see [24]
and [30].

In this paper, the problems of the univariate and multivariate outlier detection
has been addressed. For univariate outlier detection, the result of applying the
classical visual method based on box-plot and Ven der Loo method [36] on a real
data set has been compared. For multivariate outlier detection, usual and robust
Mahalanobis distances has been used to find the outliers of a real data set using R
software environment for statistical computing.

2. Univariate Outlier Detection

A simple visualization tools, such as scatter plot, box-and-whisker (boxplot),
stem-and-leaf plot, QQ-plot, etc., can be used to discover the outliers. The box
plots, first introduced by [35], are a standardized way of displaying the distribution
of data based on a five number summary (“minimum”, first quartile (Q1), median,
third quartile (Q3), and “maximum”). In general, the box of a box plot shows the
median and quartiles. The box plot rule declares observations as outliers if they lie
outside the interval

Q1 —k(Q1—Q3),Q3 +k(Q3 —Q1),

the common choices for k is 1.5 for flagging (dubbed) outliers and 3.0 for flagging
outliers, see Figure 2.1, in which the whiskers are shown for k£ = 1.5. This rule differs
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from standard outlier identification rules, since it is not sample-size dependent,
the probability of declaring outliers when none exist changes with the number of
observations [29]. Moreover, for data coming from a random normal sample of size
75, the probability of labeling at least one outlier is 0.5 [13]. Many other statistical
tests have been used to detect outliers, as discussed in [3].
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F1a. 2.1: Univariate outlier detection using the boxplot for job incomes in Prestige
data set

Van der Loo [36] developed two methods to detect outliers in economic data,
when an approximate data distribution is known. In the following, his first method
is applied in order to detect the outliers of “income” variable (average income of
incumbents, dollars, in 1971) from Prestige of Canadian Occupations data set in
“car” package in R software environment [8]. The Prestige data set has 102 rows and
6 columns. This data consists of some measurment related to different occupations.
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According to the Kolmogrov-Smirnov goodness-of fit test, the log-normal dis-
tribution fits well to income data (p-value=0.47), see the left panel of Figure 2.2.
Therefore, the Var der Loo method was applied to detect possible outliers in this
data using the plotting facilities developed in the “extremevalues” package in R
software environment [37].
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F1G. 2.2: Model based univariate outlier detection for job incomes in Prestige data
set

As it is shown in the right panel of Figure 2.2, this method detects six outliers
which are located on two sides of data. The Outliers on the left down part of the
Figure are case numbers 53, 63, 68, and the rest are 2, 17, 24, whereas the upper
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outliers on the boxplot are case numbers 2, 17, 24, 25, 26.

The study of outliers in structured situations like regression models are based
on the residuals and has been studied by several authors, see [29] and references
therein. Five widely used test statistics for detecting outliers have been compared
using Monte Carlo method by Balasooriya and Tse [2].
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F1G. 2.3:  (above) Scatter plot of two simulated samples from bivariate normal distributions,
which show clear outliers out of 0.75 and 0.95 cutoffs corresponding to quantiles of the x2(2)
distribution, (below) the box plot of margins of the same data with no points lying outside the
whiskers

3. Multivariate Outliers Detection

Nowadays more and more observed data are multi-dimensional, which increase
the chance of occurring unusual observations. The problem is that a few outliers
is always enough to distort the results of data (by altering the mean performance,
by increasing variability, etc.). Therefore, detecting outliers is a growing concern
in many scientific areas, including but not limited to Psychology [18], Financial
market [6] and Chemometrics [26].

In the field of multivariate statistics, the Mahalanobis distance has a major
application for the detection of outliers [20]. The Mahalanobis distance is defined in
the next section. Mahalanobis distance measures the number of standard deviations
that an observation is from the mean of a distribution. Since outliers do not behave
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as normal as usuall observations at least in one dimension, this measure can be used
to detect outliers. See [14] for a comparison of Mahalanobis distances with other
proximity-based outlier detection techniques.

3.1. The Mahalanobis distance

From geometric point of view, the Euclidean distance between two points is
the shortest possible distance between them. One problem with the Euclidean dis-
tance measure is that it does not take the correlation between highly correlated
variables into account. In this situation, Euclidean distance assigns equal weight to
such variables, and since these variables measure essentially the same characteris-
tic, therefore this single characteristic gets additional weight. In effect, correlated
variables gets excess weight by Euclidean distance, see [16] and [21].

An alternative approach is to scale the contribution of individual variables to
the distance value according to the variability of each variable. This approach is
considered by the Mahalanobis distance, which has been developed as a statistical
measure by PC Mahalanobis, an Indian statistician [19]. The Mahalanobis distance
finds wide applications in the field of multivariate statistics. It differs from Euclidean
distance in this way that it takes into account the correlations between variables.
It is a scale invariant metric and provides a measure of distance between a point
x € RP generated from a given p—variate (probability) distribution fx(.) and the
mean p = FE(X) of the distribution. Assume fx(.) has finite second order moments
and denote ¥ = F(X —pu) be the covariance matrix. Then the Mahalanobis distance
is defined by

(3.1) D(X.,p) = /(X — p)TE1(X — ).

If the covariance matrix is the identity matrix, the Mahalanobis distance reduces
to the Euclidean distance. For the comparison of these two distances see Figure 3.1,
in which the Euclidean and Mahalanobis distances of points located on the circles
and ellipse are 1 and 2 unit far away from the center of data. The computation has
been done on a data set, that are find under geog.uoregon.edu/GeogR/data/csv/
midwtf2.csv. The observed difference stems from this fact that the Mahalanobis
distance also accounts for the covariance (or correlation) structure of data.

Apart from usual application of the Mahalanobis distance in multivariate analy-
sis techniques such as classification and clustering, discriminant analysis and pattern
analysis, principal component analysis, there exists modern applications, among
them financial applications [33], image processing [39], Neurocomputing [11] and
Physics [31] might be mentioned.
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F1G. 3.1: Schematic comparison of the Mahalanobis (ellipse) and Euclidean (circle) distances
calculated for a data set. The two lines, circles and ellipses, correspond to the Euclidean and the
Mahalanobis distances, of one and two units apart from the center of data

3.2. Multivariate normal distribution

Recall the multivariate normal density function below, in which the parameters
1 and X, are the mean and the covariance matrix of the distribution, respectively.

p/2
600 = (5) IS el Lx =S - )

note that this density function, ¢(x), only depends on x through the following
squared Mahalanobis distance in the exponent:

(x = p)'S7Hx = p).
There are some important facts about this exponent:

e All values of x such that (x—p)'S ™1 (x—pu) = c for any specified constant value
¢ have the same value of the density f(x) and thus have equal likelihood. The
paths of these x values yielding a constant height for the density are ellipsoids.
That is, the multivariate normal density is constant on surfaces where the
square of the distance (x — u)'¥~1(x — p) is constant. These paths are called
contours, which can be constructed from the eigenvalues and eigenvectors of
the covariance matrix, meaning that the direction of the ellipse axes are in the
direction of the eigenvalues and the length of the ellipse axes are proportional
to the constant times the eigenvectors [15].

e As the value of (x — u)'YX 71 (x — ) increases, the value of the density function
decreases.

e The value of (x — u)’X 71 (x — u) increases as the distance between x and p
increases.



590 H. Ghorbani

Density

T T T T
0 5 10 15

0.00 0.05 0.10 0.15 020 025 0.30
|

(a) The Mahalanobis distance.

Density
0.00 0.01 0.02 0.03 0.04 0.05 0.06 0.07

T T T T T
0 10 20 30 40

(b) The Eucleadn distance

Fic. 3.2: Emperical densities

e The Mahalanobis distance d*> = (x — u)’X~!(x — p) has a chi-square distribu-
tion with p degrees of freedom, see Figure 3.1.

Suppose that X, is a p-dimensional vector having multivariate normal distribu-
tion, X ~ N,(p,X), the Mahananobis squared distance D?(X, p) is then distributed
as a x2 random variable with p degrees of freedom. The classical approach of outlier
detection uses the estimates of the Mahalanobis distance, by plugging in multivari-
ate sample mean X and covariance matrix S estimates for unknown mean p and
covariance matrix >, and tags as outlier any observation which has a Mahalanobis
squared distance d?(X, X) lying above a predefined quantile of the y? distribution
with p degrees of freedom [7].

This method is problematic, because all relies on normality assumption and
the parameters estimates are particularly sensitive to outliers. Therefore, it is im-
portant to consider robust alternatives to these estimators for calculating robust
Mahalanobis distances. The most widely used estimator of this type is the mini-
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mum covariance determinant (MCD) estimator defined in [25] for which also a fast
computing algorithm was constructed [27].

In the next section, a sample data has been subjected to find its multivariate
outliers by calculating the robust version of the Mahalanobis distances using the R
as a modern statistical software for heavy computations involved.

4. Analyzing a Sample Data

In the following, the vector of three variables of Prestige data set are considered
as a multivariate observation. These variables are “education” (average education of
occupational incumbents), “income” (average income of incumbents) and “prestige”
(Pineo-Porter prestige score for occupation). The aim is to detect multivariate
outliers in this data set using robust version of the Mahalanobis distance, the (MCD)
estimator, which has been implemented in “rrcov” package in R [34]. First the
mean vector and usual (classic) covariance matrix of the observation and the robust
version of them are calculated. The results are:

-> Method: Classical Estimator.

Estimate of Location:

education income  prestige
10.74 6797 .90 46.83

Estimate of Covariance:

education income prestige
education 7.444e+00 6.691e+03 3.991e+01
income 6.691e+03 1.803e+07 5.222e+04

prestige  3.991e+01 5.222e+04 2.960e+02

-> Method: Robust Estimator.

Robust Estimate of Location:

education income  prestige
9.97 5833.96 41.64

Robust Estimate of Covariance:

education income prestige
education 7.156e+00 4.355e+03 3.192e+01
income 4.355e+03 9.695e+06 3.923e+04

prestige  3.192e+01 3.923e+04 2.559e+02

Comparing classical and robust estimators of mean vector p and the covariance
matrix X, shows clear differences. These robust estimators are relatively insensitive
to small changes in the bulk of the observations (inliers) or large changes in small
number of observations (outliers).

In two left panels of Figure 4.1, the robust and classical Mahalanobis distances
are shown in parallel. In most right panel of this figure, the distance-distance plot
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defined by [28] is shown, which plots the classical Mahalanobis versus robust dis-
tances and enable us to classify the observations and identify the potential outliers.
The dashed line represents the points for which the robust and classical distances
are equal. The horizontal and vertical lines are drawn at valuesz =y = , / X%370_975)-
Points beyond these lines can be considered as outliers and are identified by their
labels. In all panels, the outliers have large robust distances and are identified by
their labels, for more details see [34].

Looking at the non-robust Mahalanobis distances at right panel of Figure 4.1
flagged out the observation number 2 and 24 as outliers, whereas robust Maha-
lanobis at the same panel flagged out the observation number 2, 7, 24, 25, 26 and
29 as outliers. In other words, applying the robust method enabled us to detect
hidden outliers which has been masked by each other.
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Fia. 4.1: Multivariate outlier detection using the robust Mahalanobis distances

5. Conclusion

In this paper, the Mahalanobis distance as a multivariate distance and its advan-
tages relative to the Euclidean distance was reviewed. It made clear when dealing
with correlated multivariate data the Mahalanobis distance is more suitable than
the Fuclidean distance because it takes the correlation into account. Moreover,
It was shown how the Mahalanobis distances can be used as a tool for identify-
ing multivariate outliers. When calculating the Mahalanobis distances one needs
to estimate the theoretical mean vector and covariance matrix. Estimating these
parameters using their usual empirical counterparts especially when data contain
outliers yields misleading results, since these estimators are affected seriously by
outliers. One reasonable solution is to use robust statistical techniques. There are
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different robust estimates, but distance-based methods, such as MCD are based on
robust estimates of the mean and covariance matrix so that a robust Mahalanobis
distance can be computed for each point. In this paper, the above mentioned meth-
ods have been applied to detect multivariate outliers in a real data set, using R
software environment for statistical computing.
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